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Abstract

This paper draws parallels between the Principal Components Analysis of
factorless high-dimensional nonstationary data and the classical spurious re-
gression. We show that a few of the principal components of such data absorb
nearly all the data variation. The corresponding scree plot suggests that the
data contain a few factors, which is collaborated by the standard panel informa-
tion criteria. Furthermore, the Dickey-Fuller tests of the unit root hypothesis
applied to the estimated “idiosyncratic terms” often reject, creating an impres-
sion that a few factors are responsible for most of the non-stationarity in the
data. We warn empirical researchers of these peculiar effects and suggest to

always compare the analysis in levels with that in differences.

KEY WORDS: Spurious regression, principal components, factor models, Karhunen-

Loéve expansion.

1 Introduction

Researchers applying factor analysis to nonstationary macroeconomic panels face a
choice: keep the data in levels or first-difference them. If all the nonstationarity is
due to factors, no differencing is necessary. A simple principal components estimator
of the factors is consistent and more efficient than that based on the differenced data
(e.g. Bai, 2004). Otherwise, the standard advice is to extract the factors from the
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first-differenced data, and then, accumulate them to obtain estimates of the factors
in levels (e.g. Bai and Ng, 2004).

Both strategies are used in practice. For example, Moon and Perron (2007),
Eickmeier (2009), Wang and Wu (2015), von Borstel et al. (2016), and Barigozzi et
al. (2018) fit factor models to non-stationary data after first-differencing them. Stock
and Watson (2016) not only first-difference most of the series entering their dynamic
factor model of the US economy, but also locally demean the variables to minimize
problems associated with low-frequency variability. On the other hand, Bai (2004),
Corielli and Marcellino (2006), Ghate and Wright (2012), West and Wong (2014),
and Engel et al. (2015) estimate factor models on non-stationary data in levels.

Factor estimation in levels relies on the assumption of stationary errors. Banerjee
et al. (2017, section 4.1) give “several reasons for making the hypothesis of I(0)
idiosyncratic errors” in macroeconomic applications. One of their reasons is a very
high rejection rate of the hypothesis of a unit root in the estimated idiosyncratic
components of the 114 nonstationary monthly US macroeconomic series for the 1959-
2014 period (see their Footnote 5).

This paper is intended as a warning to the empirical researchers tempted by argu-
ments advocating factor estimation in levels. We show theoretically that a few princi-
pal components of a factorless nonstationary panel must “explain” an extremely high
portion of the data variation. Moreover, the Dickey-Fuller tests on the estimated idio-
syncratic terms are strongly oversized, supporting the stationarity hypothesis where,
in fact, the null of nonstationarity is true.

We are not the first to point out the high explanatory power of a few of the
principal components of factorless persistent data. Uhlig (2009), discussing Boivin
et al. (2009), generates artificial cross-sectionally independent AR(1) data with the
autoregressive coefficients matching the first-order autocorrelations of the 243 macro-
economic series used in Boivin et al. (2009). Then he plots the fraction of variation
explained against the number of factors for both actual and artificial data (see Fig-
ure 1), and notes that the two plots “look surprisingly and uncomfortably alike”.
In particular, five estimated factors explain about 75% of the actual data variation,
but at the same time, five estimated factors, that must be spurious by construction,
“explain” about 60% of the simulated data variation.

Uhlig (2009) attributes the high explanatory power of the spurious factors to the

fact that the simulated data are considerably autocorrelated. Many of the simulated
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Figure 1: Factor contribution to the overall variance. Left panel: actual Boivin et
al.’s (2009) data. Right panel: factorless simulated data with similar autocorrelation
properties.

series’ first-order autocorrelation coefficients are close to unity. In a finite sample (in
his setting, 83 observations), the series may appear to be correlated, which will be
picked up by the principal components. Although this explanation is intuitive, Uhlig
admits that it is “perhaps tricky to formalize”.

In this paper, we do such a formalization at different levels of generality. In
our basic setting, the data are generated by a high-dimensional integrated system
with an increasing number of common stochastic trends, none of which is dominating
the rest asymptotically. An extreme example would be a panel of cross-sectionally
independent difference-stationary processes. The setting also covers more empirically
relevant situations with any types of cross-sectional dependence except those caused
by the presence of a fixed number of genuine strong nonstationary factors in the data.

We prove that in such a setting the fraction of the data variation explained by the
first principal component converges in probability to 6/72 &~ 0.61 even when the data
do not contain any common factors. The first three principal components together
asymptotically explain 100% Zj:1 6/ (jm)* ~ 83% of the variation in the factorless
nonstationary data. The corresponding “factor estimates” converge to deterministic
cosine waves that resemble linear, quadratic, and cubic time trends.

The flavour of these results is preserved in a more general setting of a local level



model, where the data are represented by a weighted sum of I(1) and I(0) processes
with the weights on the former possibly decaying to zero as the sample size increases.
Furthermore, our conclusions do not change qualitatively when data contain local-to-
unit roots, and when data are not only demeaned but also standardized before the
principal components analysis (PCA) is applied.

We show from a theoretical standpoint that, in our basic setting, the standard
panel information criteria (e.g. Bai, 2004) are very sensitive to the choice of the a
priori maximum number of factors. For empirically relevant choices and data sizes,
the criteria will often detect two or three “factors”. We provide Monte Carlo evidence
supporting this claim.

The peculiar results of the PCA of factorless nonstationary data are relatively
easy to explain in the extreme case where the data are given by cross-sectionally
i.i.d. random walks. In such a case, the sample covariance matrix used by the PCA
to extract “factors” can be interpreted as a discrete time approximation for the covari-
ance operator of a demeaned Wiener process. As the data dimensions grow, the PCA
estimates of the “factors” converge to the eigenfunctions of the covariance operator,
which happen to be the cosine waves. The explanatory power of the estimated “j-
th factor” converges to the j-th largest eigenvalue of the covariance operator, which
equals 6/ (jm)°.

A somewhat different explanation relates to the Karhunen-Loéve expansion of the
demeaned Wiener process (e.g. Shorack and Wellner, 1986). The expansion represents
the process in the form of an infinite sum of trigonometric functions with uncorrelated
random coefficients whose variances are quickly decaying. Since difference-stationary
series can be approximated by Wiener processes, much of the variation in a nonsta-
tionary panel can be captured by a few of the trigonometric functions corresponding
to the first terms in the Karhunen-Loéve expansion.

Phillips (1998) points out that the “prototypical spurious regressions, in which unit
root nonstationary time series are regressed on deterministic functions,” reproduces
the underlying Karhunen-Loéve representation of the Wiener process. In the similar
spirit, the spurious factor analysis, i.e. the principal components analysis of factorless

difference-stationary data, picks up the common Karhunen-Loéve structure of the



cross-sectional units.!

This intuition immediately suggests that the Dickey-Fuller tests of the hypothesis
of a unit root in the estimated spurious idiosyncratic terms must be oversized. Indeed,
when researchers apply the test to an estimated idiosyncratic term, they ignore the
fact that the estimate is, essentially, the residual from a regression of a nonstationary
series on a few slowly varying trigonometric functions.

These functions are similar to the deterministic polynomial trends. Hence, the
intercept-only Dickey-Fuller statistic computed on the basis of estimated idiosyncratic
terms asymptotically behaves similarly to the intercept-only Dickey-Fuller statistic for
the regression that includes several deterministic polynomial time trends. This leads
to a substantial size distortion? and a potentially confused conclusion that the factors
soak up all or most of the nonstationarity in the data.

All in all, the results of the principal components analysis of the levels of non-
stationary data may be very misleading. We recommend to always compare the first
differences of factors estimated from the levels with factors estimated from the first-
differenced data. A mismatch indicates a spurious factor analysis in levels. In Section
5, we derive a theory-based threshold for the amount of the mismatch which must
raise the alarm.

The remainder of the paper is structured as follows. In Section 2, we formally
introduce our setting and present our main results. Section 3 discusses various exten-
sions to the basic setting. Section 4 studies the workings of the information criteria for
the determination of the number of factors in the context of spurious factor analysis.
Section 5 discusses ways to detect spurious results. Section 6 concludes. Monte Carlo

results are reported in the Appendix while all proofs are given in the Supplementary
Material (SM).

2 Basic setup and main results

Consider an N-dimensional integrated system

Xt = thl + ¥ (L) Et, (1)

IThe notion of spurious factors considered in this paper is not directly related to the spurious
factors in asset returns that received much recent research attention (see Bryzgalova (2018) and
references therein).

2We confirm this claim using Monte Carlo analysis reported in the Appendix.



where &; is N.-dimensional, and matrix ¥ (1) may be of deficient rank so that coin-
tegration is allowed. Suppose that data are summarized by the N x T matrix
X = [X1,...,X7]. Our goal is to study the workings of the PCA of these data as
both N and T' go to infinity, without any constraints on the relative speed of growth.

In contemporary economic applications, the PCA is often used to estimate factors

F and loadings A in the factor model for the temporarily demeaned data?
X—X=AF +e. (2)

The common factors are often interpreted as a few important latent variables affecting
a vast number of economic indicators (rows of X). See Stock and Watson (2016) for
a review of the related literature. Of course, in general, data generated from (1) do
not have a factor structure. For example, if ¥ (L) is diagonal, then the data are
cross-sectionally independent and there are clearly no common factors.

Suppose that a researcher, nevertheless, models the data by (2). The PCA esti-
mates of the first r factors are then defined as the r principal eigenvectors, Fl, ey FT,
of

Y= (X-X)(X-X)/N. (3)

The corresponding principal eigenvalues A1 > ... > ), estimate the explanatory power
of the factors. Precisely, ;\j /tr 3 is interpreted as the fraction of the data variation
explained by the j-th factor.

Below, we show that such a principal components analysis may be spurious in
the sense that 3 has a few eigenvalues that dominate the rest, but the corresponding
eigenvectors do not represent any latent economic factors driving the dynamics of
the data. Instead, they capture deterministic trends that explain a large share of
variation in any time series that are integrated of order one.

Denote the -th component of the vector ¢; as ;;, and let ¥, be the coefficients of

the matrix lag polynomial ¥ (L) = ZZO_O U, L*. We make the following assumptions.

Assumption Al. Random variables c; with i € N and t € Z are independent and

such that Bey = 0, Bej, = 1, and 4 = sup;ey cp Bejy < 0.

Note that ¢;; may have different distributions, although they have to be indepen-

dent. Further, the normalization Ee? = 1 is not restrictive as it may be accommo-

3We consider the case of demeaned and standardized data in the next section.



dated by the lag polynomial ¥ (L).
Assumption A2. As N — oo, Z:‘io (14 k) [|Wg]| = O(N?) for some o > 0, where

||| denotes the spectral norm of a matriz.

This assumption mildly restricts the form of temporal and cross-sectional depen-
dence in the data. Although our setting does not imply the existence of common
factors in the data, it does allow for them when a > 0. For a simple example,

consider a basic factor model
Xt = AF;E + €t (4)

where the Np factors follow independent random walks, the loadings are normal-
ized so that A’A/N = Iy, and the idiosyncratic component is white noise. Such
X, satisfies (1) with e} = (F) — F/_;,¢;) and ¥ (L) = [A,Iy] — [0, Iy] L. We have
Z:;O (1+ k)| ¥4]] = v/N + 1+ 2, and therefore A2 is satisfied with o = 1/2.

Assumption A3. The so-called effective rank' of the long-run covariance matric
Q =V (1)W (1), defined as trQ/ |||, diverges to infinity as N — oo.

If the effective rank diverges, the rank, defined in the standard way, must diverge
too. Hence, an immediate consequence of A3 is that the rank of W (1) diverges to
infinity as N — oo. In other words, the number of stochastic trends in the data is
increasing with the dimensionality.

The assumption does not allow a finite number of such trends to dominate the
rest, so that ||€2]| is not allowed to dominate tr 2 asymptotically. In particular, A3
precludes the existence of a fixed number of strong nonstationary factors in the data.
However, the existence of a growing number of such factors as well as the total absence
of any factors is allowed.

To illustrate this, consider example (4) again. There we have ¥(1) = [A,0],
trQ) = NNp and ||| = N. Hence, the effective rank of 2 equals Np, and A3 is
satisfied if the number of strong factors grows with N. The rate of the growth may
be arbitrarily slow. For another example, let the data consist of N independent pure
random walks, so there are no common factors whatsoever. Then U(1) = Iy, the
effective rank of 2 equals IV, and A3 is satisfied again.

We would like to stress that A3 fails in situations where data contain a fixed

number of strong factors. Moreover, this failure does not depend on whether the idio-

4The concept of the effective rank, or effective dimension, has been used in several recent studies
of high-dimensional problems (e.g. Vershynin (2012), Koltchinskii and Lounici (2016)).
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syncratic terms are stationary or not. For example, if e, in (4) consists of independent
random walks instead of white noises, X satisfies (1) with e} = (F] — F/_,, ¢, — ¢]_,)
and U (L) = [A,Iy]. Hence, Q@ = AA’ + Iy and the effective rank of Q equals
N (Np+1)/(N + 1), which remains bounded with fixed N, so that A3 is violated.

On the other hand, A3 still holds when the data contain a fixed number of weaker
factors (such that [|[AA'|| = o(N)). Then, the effective rank of @ = AA’ + Iy is no
smaller than N/ (1 + o (N)), which obviously diverges as required by A3.

Theorem 1 Let “%” denote convergence in probability. Suppose A1-A3 hold. If
N*(T+N.)/ (T?tr Q) — 0 (5)

as N, T — oo, then for any fized positive integer k,
(i) ‘F,;dk‘ P 1, where dy = (dya, ..., dr) with dys = /2] T cos (mkt/T).

(i) Mo/ (Y T?) B (km) ™%, where vy = trQ/N.
If min {N, T} N**(T'+ N.)/ (T*trQ) — 0, then (6)
(i) Ap/tr 5 D 6/ (k)2

Let us first interpret the theorem’s results, and then discuss conditions (5) and
(6) that link N, N, T, and tr Q.

Part (i) of the theorem reveals that the “factor” estimates converge in probability
to deterministic cosine functions in the sense that the angle between the vector of
estimates and the vector of uniform grid values of the corresponding cosine function
converges in probability to zero. Figure 2 plots the cosine functions corresponding to
the first three “factors”. They may be interpreted as the trigonometric versions of
the linear, quadratic, and cubic trends.

As mentioned in the Introduction, the functions can be linked to the Karhunen-
Loéve expansion of the demeaned Wiener process W (z) = W (z) — fol W (x)dz.
Its covariance kernel has eigenfunctions /2 cos (rkx), k = 1,2,..., corresponding
to eigenvalues (k)™ (e.g. Miiller and Watson (2008, Thm. 1)). Therefore, the

Karhunen-Loeve expansion of W () has the following form
W () = V2 (wk)™" cos (tk) 2, (7)
k=1
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cos(rkx), k=1,2,3.

0.5

051

Figure 2: The probability “limits” of the first three spurious factor estimates.

where z;, are i.i.d. standard normal random variables.

For each of the data series X; that are difference-stationary, define Y;r (z) =
(f; (0) T)? Xjlzr), where f;(0) is the spectral density of X; — X;,_; at frequency
zero. As is well-known (e.g. Phillips, 1986), functions Y;r () weakly converge to
W (z) and thus,

Yir (x) = Yir = (£ (0) T)_1/2 (Xj[:cT] - Xj)

weakly converge to W () . Therefore, the demeaned series X, divided by (f; (0) T )2,
can asymptotically be represented by the Karhunen-Loéve expansion of W (x) . In par-
ticular, functions cos (wkt/T) with k = 1,2, ... capture much of the variation in each
of Xj; — X, which agrees with the theorem’s first result intuitively.

The above arguments suggest that we should expect a flavour of spurious factor
analysis to be present even in the PCA of the nonstationary data of fixed dimension
N. The cosines would still be capturing much of the common variation in the data
(regressing the data on them would produce high R?), although the PCA estimators
of the “factors” would no longer converge to these cosines.

Figure 3 illustrates statement (ii) of the theorem by showing the asymptotic scree
plot for data satisfying the theorem’s assumptions. The height of the plot is scaled so
that the largest eigenvalue equals one. A typical interpretation of such a plot would

be that the data “obviously” contain at least one strong factor, but perhaps two, or
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Figure 3: The asymptotic scree plot for possibly factorless persistent data (the first 20
normalized eigenvalues only). The horizontal axis shows the order k of the eigenvalue
Ax- The vertical axis shows the probability limit of A, /A;.

even three of them. Theorem 1 (ii) shows that such an interpretation may potentially
be very misleading as the data may be totally factorless.

Part (iii) of the theorem describes the portion of data variation attributed to the
k-th principal component. A naive but standard interpretation of this result would
be that the first £ factors explain Zj_l 6/ (jm)? x 100% of the variation in the data.
This “explanatory power” is amazingly strong. The first three spurious factors absorb
more than 80% of the data variation.

Let us now discuss conditions of the theorem that link N, N., T, and tr €. For an
extreme example where W(L) = I, so the data consist of independent pure random
walks, we have & = 0, N. = N, and trQ2 = N. Hence, conditions (5) and (6) are
trivially satisfied. It is easy to see that the conditions continue to hold for non-
diagonal W(L) (so the data consist of cross-sectionally dependent I(1) processes) as
long as W(L) satisfies A2 with o = 0, [[¥(1)|| and |[|¥(1)~!| remain bounded, and
N. = N.

For example, let the first differenced data follow an autoregression AX; = pAX; 1+
e; with |p| < 1, where e; = (eyy, ..., en:) are generated by “cross-sectional autoregres-
sions” e;; = yej_1+ + €1 with |y] < 1 and et = 0. Then ¥ (L) = (1 — pL)_1 Iy,

where 'y is an N-dimensional lower triangular Toeplitz matrix with ones on the
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main diagonal and 77 on the j-th sub-diagonal. As is well known (e.g. Bottcher and
Silbermann (1999, Corollary 4.19)),

Jim [y = (=) and Jim |05 = (14 9) 7"

Therefore, ¥ (L) satisfies A2 with v = 0, whereas || (1) and ||¥ (1)_1H converge to
finite positive numbers.

Note that the conditions of the theorem do not require all data to be integrated.
Suppose, for example, that W (L) is diagonal with first n diagonal elements equal one,
and the rest equal 1 — L. Then, the first n data series are random walks whereas the
last N — n series are white noise. Obviously, N. = N, A2 holds with & = 0, and A3
holds when tr Q = n — co. Condition (5) becomes equivalent to (T'+ N) / (T?n) — 0.
Hence, for any n — oo, it holds with N = O (T?), whereas (6) holds with N = O (T).

The fact that a relatively small number n of I(1) series so strongly influence the
PCA results can be partially blamed on the different scale of I(1) and I(0) series. The
effect of such a scale difference would be eliminated by standardizing the data. We
study consequences of the standardization in the next section.

Here, we point out that the effect of the scale difference can also be eliminated by
dividing I(1) series by v/7'. Such an adjustment transforms (5) to (T + N) / (T'n) — 0.
For N = O(T), this constraint is not binding under the maintained assumption that
n — oo. In particular, if the data contain any increasing number of I(1) series, the
PCA estimate of the first “factor” would converge to a deterministic cosine wave,
even after dividing the I(1) series by v/T.

Finally, consider the basic factor model example (4) with the number of factors
Np — oo. In that example, sufficient condition (5) for statements (i-ii) of the theorem
to hold becomes (T + N + Np) / (T?*Npg) — 0. In particular, if N = O (T?), the PCA
estimates of a few of the strongest factors converge to deterministic cosine waves even
though the data do contain an increasing number of genuine strong factors,” which

may be different from the cosine waves.

5 As discussed above, A3 is violated and our theorem does not hold when the number of factors
Nr is fixed.
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3 Extensions

In this section, we consider three extensions to our basic setting.

3.1 Local level model

Suppose that data Y;,t = 1,..., T, are weighted sum of I(1) and /(0) components
Y, =wrX, + 2, (8)

where wr # 0 is possibly decreasing with the sample size T, X, is generated by the
integrated system (1) as in the previous section, and Z; is an N-dimensional linear
stationary process. Specifically, Z; = II(L)n,, where II(L) = Z:;O [, Lk and n,
is an [V,-dimensional random vector with components 7,,. We make the following

assumption.

Assumption A4. Random variables 1, with i € N and t € Z are indepen-
dent and such that Bn, = 0, En = 1, and 74 = SUDjen tez En}, < oo. Further,
Z:io (14 k) ||| = O (N?) for some >0 as N — oco.

The part of the assumption describing properties of 7,, parallels assumption Al
for €;;. We do not assume that 7,, and ¢;; are mutually independent so Z; and X;
may depend on each other. The second part of A4 parallels A2. The constant (3
is introduced to allow component Z; of the data to contain some genuine common
factors.

Let Y = [Yi,...,Y7] be the N x T data matrix. Let \; > ... > Ay and Fi, ..., Frp
be the eigenvalues and corresponding eigenvectors of ¥ = (Y — }7)/ (Y — }7) /N.

Theorem 2 Under A1-A4, if (5) holds and
N*(T+ N,) / (wiT?tr Q) — 0 (9)

as N, T — oo, then for any fized positive integer k,

(i) |F,§dk‘ LA 1, where dy = (dp1, ..., dpr) with dy = \/Z/_Tcos (mkt)T) .
(i3) M/ (W2ynT?) L (km)™2, where vy = tr Q/N.

(iii) If (6) holds and

min {N, T} N** (T + N,) / (w3T? tr Q) — 0, (10)
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then \p/tr S 5> 6/ (km)?.

As an illustration, consider a simple situation where the components of X; and Z;
are independent random walks and white noises, respectively. Then A2 holds with
a = 0 and A4 holds with § = 0. Furthermore, trQ = N. = N,, = N. Therefore, (5)
trivially holds, whereas (9) holds if (T'+ N) / (W T?N) — 0. If T and N diverge to
infinity proportionally, the latter convergence holds as long as wy goes to zero slower®
than 1/T.

For another example, suppose that the components of X; are independent random
walks, as in the previous example. However, Z; now contains a strong stationary
factor so that Z; = I'f; + e;, where I'I' = N while the factor f; and the components
of e; are independent white noises. Then § =1/2 and N,, = N + 1. Hence, for (9) to
hold we need N (T + N +1) / (w4T?N) — 0. If T and N are proportional, the latter
convergence holds as long as wr goes to zero slower than 1/ VT.

Condition (10) is harder to satisfy than (9). In the first of the above examples,
it requires that wy goes to zero slower than 1/ VT (assuming that 7" and N are
proportional). For the second example, it fails for wy that converges to zero at any
rate when 7" and N are proportional, but holds for wr going to zero slower than
\/N/T when T grows faster than N.

3.2 Local-to-unit roots

Now consider data having local-to-unit roots,
X —pix = p(Xim1 —px) + ¥ (L) & (11)

with initial values Xy, where p = diag{p;, ..., py} and p; = exp {—gbj/T}, ¢; > 0,
are local to unity. As above, we do allow ¥ (1) to be of deficient rank, which may be
interpreted as an analogue of the standard cointegration setting. We do not put any
restrictions on the N-dimensional vector piy-.

Literature on near integrated systems (e.g. Phillips (1988), Elliott (1998)) usually

considers a triangular form of the system, where the data generating process for

When wr = w/T with fixed w > 0, the eigenvalues of the sample covariance matrix still decay
very fast, although the probability limits described by Theorem 2 (ii) should be altered. Similarly,
the eigenvectors become imperfectly collinear with the cosine waves described by (i). The interested
reader can find a partial analysis of the situation wy = w/T with fixed w > 0 in the SM’s Section
3.1.2.
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near integrated stochastic trends and the “cointegrating” relationships are modelled
explicitly as two sub-systems. We work with (11) because this form is amenable to
the analysis similar to that of (1).

As is well known (e.g. Phillips (1988), Stock (1994)), as T' — oo, the step functions
corresponding to normalized components of (11) weakly converge to the Ornstein-
Uhlenbeck (OU) processes with decay rates ¢;. Had these decay rates been the same
for all j, the situation would have been analogous to the unit root case with the
Wiener process replaced by the OU process. Then we would have expected that
the PCA “factors” correspond to the eigenfunctions of the covariance kernel of the
demeaned OU process. As we show below, when ¢, are different, the spurious factors
correspond to eigenfunctions of a weighted average of the covariance kernels of the
demeaned OU processes with different decay rates.

Without loss of generality, we assume that ¢, = 0 for j < N; and ¢; > 0 for
j > Nj. That is, the first Ny < N components of X; are unit root processes. Let
us denote the subvector of X; that consists of these components as Xt(l) and the
complementary subvector as Xt(z). Conformably to this partition, let us partition py

into ;&) and ,u_g?)

. We impose no constraints on the initial values Xél) of the unit
root components, and set Xéz) so that the process Xt(z) is stationary (albeit with

local-to-unity roots). Precisely,

X0 = =30 () e (Dyey,

where p® = diag {py, 41, py} and UP (L) is the matrix lag polynomial that
consists of the last N — N; rows of W (L) . A similar assumption on the initial values
of local-to-unity processes is made in Elliott (1999).

Let ky (s,t) be the covariance kernel of the demeaned stationary OU process with

decay rate ¢. Precisely,

1 1 1 1
kg (s,t) = ag(s,t) — / ag (s, t)ds — / ag (s, t)dt —I—/ / ag (s, t)dsdt,
0 0 o Jo

where a4 (s,t) = e ?lt=5/ (2¢) is the covariance kernel of the stationary OU process
before the demeaning (e.g. Karatzas and Shreve (1991, p. 358)). Further, let ko (s, ?)

be the covariance kernel of the demeaned standard Wiener process. Define the
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weighted average kernel as
kr (s, t) = //wk¢ (s,t) F (dw,do),

where F is a probability distribution on |0, 00)2. Let Kz be the integral operator,

acting in the space C'[0, 1] of continuous functions on [0, 1], with kernel kz (s, ).
Let Fnr be the empirical joint distribution of €;; and ¢;, j = 1,..., N, where

Q;; is the j-th diagonal element of Q = W (1) ¥ (1)'. We will make the following

assumptions.

Assumption A5. Fyp weakly converges to F as N,T — oco. The supports of Fnr
and F belong to [0,w] X [O, qﬂ for some 0 < @, ¢ < co. The eigenvalues ji; > iy > ...

of Kx are simple.

The weak convergence of Fx r to F would happen almost surely if pairs (ij, qu)
were drawn at random from the distribution F. However, such a random sampling
is not necessary for the convergence, and we leave its underlying mechanism unspec-
ified. The assumption of simple eigenvalues sharpens our results and makes them
easier to interpret. Furthermore, cases of multiple eigenvalues are not stable under
perturbations. Therefore, the potential loss of generality due to the exclusion of such
cases seems relatively minor to us.

The restriction on the supports of Fy r and F implies that ;; < @ for all j. Note
that ;;/ (27) equals the spectral density at frequency zero of the quasi-difference
Xjt — pjXji—1. Hence, A5 requires that such spectral densities are bounded. Fur-
thermore, the assumption p; > p, > ... implies that the distribution F cannot be
concentrated at w = 0. In other words, a nontrivial fraction of the series have spectral
densities at frequency zero that are bounded away from zero, and hence, tr () diverges

to infinity at the same rate as .
Assumption A2a. In addition to A2, as N — oo, Z:o_o (L4 k&) [l p = O(N* +
min {N1/2, NQ/Q}), where ||| » denotes the Frobenius norm of a matrix.

This assumption adds the Frobenius norm constraint to the constraint imposed
on the spectral norm by A2. In cases where a = 0, A2a is equivalent to A2 because
[Tkl < min{Nlﬂ,Ng]ﬂ} | W]l for all & > 0. For a > 0, a sufficient condition
for A2a to hold is the existence of a decomposition ¥, = W, + WUy, where ¥y, has
a fixed rank and satisfies Z:O_O (14 k) [[¥1,|| = O(N®), whereas Wy, may have an
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unbounded rank, but satisfies Z:O (14 k) [[Wo|| = O(1). Such a decomposition
would arise, for example, in situations where the data contain a fixed number of

factors, represented by linear combinations F; = ZZO_O Ve, with bounded [[¢ ||,
and Wy, = A} with ||A]| = N<.

Theorem 3 Under A1, A2a, A3, and A5, if (T + N.) N**1/T? = o(1), then for
any fized positive integer k,

(i) ‘F,;dk) L1, where dy, = (0, (1/T), ..., 0. (T/T)) /NT and @,(s) is the k-th princi-
pal eigenfunction of Kr.

(ii) A/ T? 5 iy, where . is the k-th principal eigenvalue of Kg.

(iii) If min {N, T} (T + N.) N?*=1/T? = 0 (1), then \p/tr S 2 p,./ Z;: ;.

Although Theorem 3 does not give us closed form expressions for the limits of
the normalized principal eigenvalues and eigenvectors of ¥, its message is similar
to that of previous theorems. First, the PCA may be spurious in the sense that
the estimated factors do not reflect cross-sectional linkages in the data. Second, the
principal eigenvalues of the sample covariance matrix decay fast (u,, £ = 1,2, ..., being
summable and thus, fast decreasing), creating an impression of high “explanatory”
content of the “factors”.

To illustrate Theorem 3, consider a simple scenario where W (L) = Iy so that
F is concentrated at w = 1, and where F is uniform on [0, (ﬂ with respect to the
local-to-unity parameter ¢. Figure 4 plots the principal eigenfunctions ¢, ¢,, and
¢4, which we compute numerically for the case, where ¢ = 10. It can be interpreted
as an analogue of Figure 2 for the local-to-unity case and is qualitatively similar to
that figure.

Figure 5 shows the proportions of variation “explained” by the first three spu-
rious factors as functions of 0 < ¢ < 10. For ¢ = 0 (the unit root case), these
proportions equal 6/ (km)*, k = 1,2,3, as in Theorem 2 (iii). As ¢ increases so that
the local-to-unity roots may deviate from the unity further, the proportion of varia-
tion “explained” by the first factor decreases. For ¢ = 10, it equals 38%, which brings
it closer to the explanatory power of Uhlig’s first “factor” (see Figure 1) extracted

from factorless persistent, but stationary, data.
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Figure 4: The probability “limits” of the first three spurious factor estimates. Local-
to-unity parameter uniformly distributed on [0, 10].
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Figure 5: Proportions of the data variation “explained” by the first three spurious
factors as functions of ¢.
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3.3 Demeaned and standardized data

In PCA applications, the data are often not only demeaned, but also standardized.
As we show below, the spurious factor phenomenon is still present after the standard-
ization.

We consider data generated by equation X; = X; 1 + VU (L)e, as in our basic

setting. However, this time matrix 3 is defined as
Y= (X-X)D'(X-X)/N,

where D = diag {(X - X ) (X - X ), /T} This change substantially complicates
our technical analysis. It requires us working with high-dimensional matrices whose
entries are ratios of quadratic forms instead of just quadratic forms. As a result, our
proofs for the demeaned case do not go through.

To overcome the technical challenge we simplify our setting.

Assumption A2b. Matriz lag polynomial V(L) is diagonal. There exist ab-
solute constants B > 0 and b > 0 such that max; Z:O(l +k)|(¥y),;] < B and

Z:O_O (\I]k>n > b for all N.

Most important, we now require ¥ (L) be diagonal, so our data are cross-sectionally

min;

independent. Although cross-sectionally independent data are rare in PCA applica-
tions, they are clearly factorless. Our point is to show that the PCA of such factorless
data yields spurious factors even after the data are standardized. We leave analysis
of cross-sectionally dependent standardized data for future research.

The existence of B, described in A2b, would follow from the diagonality of W (L)
and A2 with o = 0. The existence of b, described in A2b, is assumed to further
simplify our proofs. It implies that all data series are integrated, so that no series,

when first differenced, have zero spectral density at zero frequency.

Theorem 4 Suppose that assumptions A1, A2b, and A3 hold. In addition, suppose
that €j; are identically distributed. Then, for any fixed positive integer k,

(i) ‘Fédk’ LA 1, where dy, = (dpa, ..., dpr)" with dp = \/2/T cos (nkt/T) .
(ii) A,/ T vy, where v, = B <xi/ Z::l (/{:xj/j)2> with x;, j =1,2,3, ... being i.i.d.

standard normal random variables.
(i) Ap/tr S D v,
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Part (i) of the theorem shows that the standardization does not affect the as-
ymptotic behavior of the spurious factors. They still converge to the cosine waves.
However, the standardization does affect the form of the normalization of Ay in (ii),
as well as the form of the limits in (ii) and (iii).

The standardization removes the need for normalizing N by the average long run
variance parameter vy = tr{2/N, as in Theorem 1 (ii). Further, since the conditional
variance of an integrated process is of order T, the standardization leads to the sit-
uation where Az in Theorem 4 (i) is divided by T as opposed to T2 in Theorem 1
(ii).

Note that the limit 6/ (kn)® in Theorem 1 (iii) can be written in the form
1/ Z::l (k/j)?. Therefore, this limit can be obtained from the limit v, in Theo-
rem 4 (iii) by replacing the chi-square variables z? by their expectation (unity).

Values of v}, for different k£ can be obtained numerically. Our calculations show
that v; ~ 0.44, v, =~ 0.18, and v3 =~ 0.095. Hence, the “explanatory power” of the
first spurious factor in the standardized setting is substantially lower than that in
the non-standardized one, 6/7% =~ 0.61. However, the “explanatory power” of the
second and third spurious factors somewhat increase relative to the non-standardized
6/ (27)* ~ 0.15 and 6/ (37)> ~ 0.068. Overall, the first three spurious factors still

“explain” an amazing 71.5% portion of variation in the factorless standardized data.

4 The “number of factors”

Now we return to the basic setup of Section 2 and ask the following question. What is
the number of “factors” in factorless persistent data detected by information criteria?
Bai (2004) proposes to estimate the number of factors in nonstationary panels by
minimizing function

IPC(k) =V (k) + k6*p (N, T)
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. koo

over k = 0,1, ..., kpax, where V(k) = trX/T — Z 1)\j/T, 6% = V (kpax), and
J:

p (N, T) is one of the following three penalty functions

N+T NT

pl(N7T) = aQr NT 1OgN—l—T’
N+T

pe (N, T) = ar NT log d nr, or
N+T -k

ps (N, T) = aTTlogNT.

Here ap = T'/(4loglogT), and dy7 = min {N, T} .

Let us denote the value k that delivers the minimum of I PC(k) based on penalty
p; (N,T) as k;. Bai’s (2004) Theorem 1 gives conditions under which k; is consis-
tent for the true number of factors. One of the theorem’s assumptions is the weak
temporary dependence of the idiosyncratic terms. Of course, it does not generally
hold for data generated by N-dimensional integrated system (1). However, in actual
empirical research, one would not know the validity of the assumptions. If the data
are nonstationary, it would be natural to apply an I PC' criterion.

As the following proposition shows, the asymptotic behavior of l%j is sensitive to
the choice of k.. We consider the following two rules for choosing k.. One rule is
fixing k., independent of the data size. The other sets k., at some small fraction

of 6NT = min {N, T} , Say kmax = [/76NT] .
Proposition 5 Suppose A1-A3 and condition (6) of Theorem 1 hold. Further, let

L (T4 N N*yg
NT T2 tr Q2

myr = 5

(i) if kmax is fixed, then l%j 20 as N, T — oo, for j =1,2,3;
(i) if kmax = [YOnT] with fivted v > 0 and myrp; (N,T) — 0, then ]%j Y o as
N, T — oo, for j =1,2,3.

For cases where N, N, and T" are of the same order of magnitude and o« = 0,
the convergence myrp; (N,T) — 0 required by Proposition 5 (ii) is guaranteed if
p; (N,T) /trQ — 0. The latter convergence holds whenever log NV is asymptotically
dominated by tr(2loglog N. This would happen, for example, for data that con-

sist of i.i.d. random walks. Moreover, log N would be asymptotically dominated by
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tr Qloglog N even if the number of the random walks is log N while the rest N —log N
series are white noises.
The strong sensitivity of I PC to the choice of ky.x can be circumvented by the

use of the logarithmic criteria of the form
log V(k) + kg(N,T).

In contrast to I PC, the logarithmic criteria do not have the scaling factor 6% in the
penalty, which therefore does not depend on k.. Bai (2004) shows the consistency
of the corresponding fﬂog under his assumptions (not holding in our setting) and
when g(N,T) — oo while g(N,T)/logT — 0. Unfortunately, since for any fixed
k, logV(k) = Op (log %) , we immediately see that penalties satisfying the latter
requirement yield /Aﬂog L 50 as long as tr {2/N remains bounded away from zero.

In the Appendix we perform a Monte Carlo analysis of the finite sample behavior
of l%j when data do not have any factors in them. We find that for empirically
relevant data sizes and standard choices of k.., the estimated number of “factors”

often equals two or three.

5 Problem detection

As we have seen above, factor analysis applied directly to large nonstationary panels
may be spurious. This raises a question: how to detect spurious results? A simple,
although inexact, check is to compare the time series plots of the estimated factors
to the cosine functions. A similarity should raise the alarm.

As an example, consider Bai’s (2004) analysis of sectoral employment in the US.
Figure 6 replicates Figure 3 in Bai (2004). It shows the Bureau of Economic Analysis
data (NIPA, Tables 6.5b and 6.5¢) for the logarithm of employment across 58 sectors’
in the US for the period from 1948 to 2000. The series are very persistent, and Bai
(2004) identifies two nonstationary and one stationary factors in the data.

Figure 7 shows the time series plots of the PCA estimates of the three factors.
Their resemblance to cosine functions is striking. It suggests that an extra caution

should be exercised before structural interpretation of these factor estimates is at-

"Bai (2004) has data on 60 sectors. However, the data on two out of 60 sectors in the current
versions of NIPA tables is incomplete. Therefore, we use 58 sectors.
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Figure 6: The number of full-time equivalent employees across 58 sectors. The sectors
are arranged in ascending order according to their 1948 values.

tempted.

A more formal problem detection strategy consists of comparing factor estimates
from the data in levels to those from the differenced data. If all the nonstationarity in
the data comes from factors, then under assumptions of Bai (2004) the PCA estimates
F' are consistent (up to a non-degenerate linear transformation) for the true factors
F'. Similarly, under assumptions of Bai and Ng (2004), the estimates f of the factors
in the differenced data are consistent for AF. In such a case, AF should be well
aligned with f . In contrast, a poor alignment would signal spurious results.

This strategy can be implemented as follows. Let P, be the projection on the
space spanned by the columns of matrix V. The quality of alignment between spaces
spanned by the columns of AE and of f can be measured by the eigenvalues of
PypPj, which we denote as pi > ... > p.. They may be interpreted as squared
cosines of the principal angles between the spaces, or alternatively, as the squared

sample canonical correlations between AF and f (e.g. Hotelling, 1936). Observing
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Figure 7: The principal components estimates of three factors in the employment
data. The estimates are normalized to have unit Euclidean norms.

the squared canonical correlations substantially below unity indicates a problem.®
Below, we derive a theory-based asymptotic threshold for R, = le 2.
Suppose that the N-dimensional data X;, ¢ = 0,1,..,T are truly generated by a

factor model
X, =AF, + ¢ (12)

with 7 nonstationary factors and stationary idiosyncratic terms.
T
Assumption B1 (i) The reciprocal of the smallest eigenvalue of Zt—o FyF!/T?

remains bounded in probability as T — oo;

(ii) E||Fy||* < C for some positive constant C';

T p oo

(iti) Let Fyy = F, — F,_y. Then thl FyF')T = %5 >0 and Fy = ijo 0,Cs,
where the components of C,, Ci,, are iid.d., EC;, = 0, BEC2 = 1, B¢, < C, and
S aslel<c

Assumption B2. Loadings A are either deterministic or random, such that N'A/N ER

8The squared canonical correlations as a measure of discrepancy between subspaces related to
factor estimates are used in recent work by Stock and Watson (2016) and Andreou et al (2019).
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2p > 0.

Assumption B3. The matriz of idiosyncratic terms e = leq, ..., er| satisfy |le|| =
Op <\/N +VT > )

Assumption B4. A, {F;}, and {e;} are mutually independent.

These assumptions are similar to those used in Bai (2004). The requirement in
B1 that Fj follows a linear process provides a convenient structure for our proofs.
Assumption B3 puts mild restrictions on the serial and cross-sectional dependence of
the idiosyncratic terms. For example, B3 holds if e;; = W (L) &5+, where € satisfy Al
and W (L) satisfy A2 with o = 0 (see Lemma 4 in the SM).

Slightly abusing previous notation, let X = [Xy,..., X7] and F = [Fy, ..., Fr] .
Further let F' = [FO, ey FT], be the (T'+ 1) x r matrix whose i-th column equals
the normalized i-th principal eigenvector of X’X, and let A be the 7" x (T + 1)
“differencing matrix” with all elements zero except the diagonal ones A;; = —1, and
the super-diagonal ones A; ;11 = 1. Let f be the T x r matrix whose columns are the
normalized principal eigenvectors of AX' XA/,

Note that
AX' XN

NT
where 0y = min {N, T}, Qy = AFNAF'A'/NT with F = F 4+ ¢/A(NA)™", and
Ql = (SNTAG/MAGA//TN with MA = ]N - PA.

=)+ 91/5NT,

Lemma 6 Under assumptions B1-B/,
Rr =T — ST/(S?VT + Op (5]}:}) s

with S, = HQngMAF‘@, where Q) is the Moore-Penrose pseudoinverse of Qo, and

|-l denotes the Frobenius norm.

An immediate consequence of Lemma 6 is that R, approaches r at the rate at
least as fast as dya. Indeed, B1-B3 imply that the eigenvalues of €y converge to
those of $,%;. Hence ||f || = Op (1) . On the other hand, B3 yields [|Q;] = Op (1)
Therefore S, = Op (1), which implies the claimed convergence rate.

Of course, designing a practical threshold on R, would require knowledge of the
“scale” S,, which is a latent population parameter. The following lemma provides a
consistent estimate of the scale, which is then used in Theorem 8 to construct the
threshold.
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Let A be the r x r diagonal matrix with r principal eigenvalues of X’X/NT? on
the diagonal. We estimate My z, €y, and §; by M, 4,

Qo = TAFM'A', and
Y = N AX' XA /TN — 6nr€d.

Combining these estimates yield

~ A A 2
5= oisua|

o
Lemma 7 Under assumptions B1-B/, S, — S\T = Op ((5]_\,‘}). As a consequence,
R, =7 —8,/0% +Op (05 .

Lemmas 6 and 7 imply that 6%, (r—R,)— ../S\T converges in probability to zero as
N,T — oo. This allows us to use r — aS, /0% with any a > 1 as an asymptotically
conservative threshold for R,. To further ensure the conservativeness of the threshold
one may use a (.§T + b) with b > 0 instead of agr. This adjustment takes care of a
possibility that §T converges to zero, which may, theoretically, arise under assumptions
B1-B4. For example, such a convergence would happen in a degenerate situation

where the idiosyncratic components of the data, e;, identically equal zero.

Theorem 8 Under assumptions B1-Bf, dar (r — R,) — S, 5 0 and, for any con-
stants a > 1 and b > 0,

Pr(Rr>r—a<§r—|—b>/(5?VT> — 1.

A simple concrete choice of a,b would be a = 2 and b = 1. Then, the spurious

results are flagged as soon as R, is smaller than r — 2 (3; + 1) /0%, or equivalently,

as soon as 6 (r — R,) is larger than 2 (3} + 1). In the Appendix, we perform a
Monte Carlo analysis that provides some evidence in support of this choice of a and b.

The value of 63 (r — R,) with 7 = 3 for the sectoral employment data discussed
above is 3,233.1. Assuming that data satisfy factor model (12) with three nonstation-
ary factors, we would expect this value to be smaller than the threshold 2 (§3 + 1) .

However, the value of this threshold is only 5.1, which indicates a potential spurious
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factor problem.

On the other hand, according to Bai (2004), there are both nonstationary and
stationary factors in the sectoral employment data. Such a situation is not covered
by our Theorem 8. It would be interesting and important to extend the theorem to
cases where both nonstationary and stationary factors are present. We leave such an

extension for future research.

6 Conclusion

This paper warns empirical researchers that a very high explanatory power of a few
principal components of nonstationary data does not necessarily indicate the presence
of factors. Even if such data are cross-sectionally independent, the first k principal
components must explain Zj_l 6/ (jm)? x 100% of the variation, asymptotically. The
extracted spurious factors correspond to the eigenfunctions of the auto-covariance
kernel of the Wiener process and do not represent any cross-sectional common shocks
driving the data’s dynamics.

Unfortunately, the standard criteria for the determination of the number of factors
are sensitive to the choice of the maximum number of factors k... For empirically
relevant data sizes and standard choices of k.., such criteria would often suggest two
or three factors, when in fact, none are present. Moreover, checking the stationarity of
the PCA residuals using the Dickey-Fuller tests may spuriously favour the stationarity
hypothesis. This may mislead a researcher to conclude that all the non-stationarity
in the data is captured by a few common factors, which are consistently estimated
by the PCA.

To detect these potential problems, we propose to always look at the time series
plots of the extracted factors. Their resemblance to cosine waves should raise the
alarm. A more formal detection strategy would compare the factor estimates obtained
from the data in levels and in first differences. We derive a theory-based threshold
for the sum of the squared canonical correlations between the spaces spanned by
the differenced factors extracted from the level data and the factors extracted from
the differenced data. The sum of the squared canonical correlations going below the
threshold signals a problem that necessitates a further analysis.

Mis-interpreting spurious factors as common shocks driving economic data may

be devastating for structural economic analysis. Less obvious, using such factors in
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forecasting exercises may lead to forecast sub-optimality.” This can be clearly seen
in the extreme situation where all data are independent random walks. For such
data, optimal forecasts equal the most recent observations. They would be different
from the forecasts based on the cosine waves that represent the spurious factors
asymptotically.

In conclusion, we would like to stress that our critique does not apply to all PC
analysis in economics. Most of this analysis is careful with respect to the assumptions
made and is, therefore, immune to our critique. Furthermore, we would be very
disappointed if some readers conclude from our analysis that there are no common
economic forces affecting various economic data series. In the literature, there is ample
evidence that such common forces are often present, which gives an indisputable value

to careful economic research based on high-dimensional factor analysis.

7 Appendix

This Appendix uses Monte Carlo (MC) analysis to address three questions. First,
what is the “number of factors” in factorless persistent data detected by information
criteria proposed in Bai (2004)? Second, how oversized are the standard Dickey-
Fuller tests of unit root in the “idiosyncratic” component of the factorless persistent
data? Third, how conservative is the threshold for the squared canonical correlations

proposed in Section 57

7.1 The “number of factors” MC

We simulate data on N i.i.d. Gaussian random walks of length 7', where the (N, T)-
pairs correspond to the dimensions of four actual datasets described in Table 1. The
number of MC replications is set to 10,000.

Table 2 reports the obtained MC distributions of k = ki, the estimate of the
number of factors produced by I PC' with penalty p; (IV,T)). Results for ko and k; are
similar and not reported. The columns of the table correspond to different choices of
kmax = 6, ...,15. The entries of the table are the empirical probabilities (in percent
rounded to the nearest integer) of observing a particular value of /Af, which is given in

the first column.

9We are grateful to James Stock for pointing out this fact to us.
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(N,T) Content Source
(60, 52) US annual industry-level employment.  Bai (2004)

European quarterly

(243, 83) macroeconomic data Boivin et al. (2009)

(128,710)  Cuwrent version of FRED-MD McCracken and Ng (2015)
monthly macroeconomic dataset

(58, 220) US quarterly “real activity dataset” Stock and Watson (2016)

Table 1: The dimensionalities of datasets used in the analysis below.

We see that the MC distributions of k concentrate at k = 2 or k = 3 for most of the
settings. For example, when k.. = 10 and (V,7) = (60,52), the MC probability
of observing k = 3 equals 91%. For the same kpax and (N,T) = (243,83) , this
probability becomes 100%. For (N,T) = (128,710) and (N,T) = (58,220), the
mode of the MC distributions of k shifts to k& = 1 (probability 100%) and k = 2
(probability 86%), respectively. Overall we see that, for empirically relevant data
sizes, I PC' criteria would typically estimate a small non-zero number of factors in the

factorless persistent data.

7.2 Dickey-Fuller tests for the “idiosyncratic” series

One of the arguments in favour of doing factor analysis in levels discussed in Baner-
jee et al. (2017) is that the estimated idiosyncratic part of typical macroeconomic
data looks stationary in applications. The hypothesis of a unit root in the estimated
idiosyncratic components can often be easily rejected. As pointed out in the Intro-
duction, such a rejection may be due to the standard unit root tests being seriously
oversized.

To support this claim, we perform the following MC experiment. For each of
the empirically relevant sample sizes (N,T') reported in Table 1, we simulate N
i.i.d. Gaussian random walks of length 7. Then, we extract 0,1,...,6 “factors” from
the simulated data and run the Dickey-Fuller regression (intercept only) on the re-
maining “idiosyncratic” series.

Table 3 reports the actual size of the Dickey-Fuller test. When no factors are
extracted, the actual size equals the nominal one, which is set to 5%. However,
when some factors are extracted, the tests become substantially over-sized. The

size distortion becomes extreme when 6 factors are extracted, with the actual size
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kmaz 6 7 8 9 10 11 12 13 14 15

(N,T) = (60,52) as in Bai (2004)

k=0 0 0 0O 0O O O O 0 0 0
k= o 0 0 O 0 0 0 0 0 0
k=2 96 75 43 15 4 1 0 0 0 0
k= 4 25 57 8 91 79 54 27 9 2
k= 0O 0 0 1 5 20 46 72 8 77
k=5 0 0 0 0 0 0 0 1 6 21
(N, T) = (243, 83) as in Boivin et al. (2009)
k=0 0 0 0O O O O 0O 0 0 0
k=1 0 o0 0O O O O O 0 0 0
k=2 99 76 23 2 0 0 0 0 0 0
k=3 1 24 77 98 100 98 84 50 19 4
k=4 0 0 0 0 0 2 16 50 81 96
(N,T) = (128,710) as in FRED-MD dataset,
McCracken and Ng (2015)
k=0 0 0 0O 0O O O O 0 0 0
k=1 100 100 100 100 100 97 88 67 41 20
k=2 0 0 0 0 0 3 12 33 59 80
(N, T) = (58,220) as in “real activity dataset”,
Stock and Watson (2016)
k=0 0 0o 0 O O 0 0 0 0 0
k=1 98 8 62 33 14 4 1 0 0 0
k=2 2 13 38 67 8 96 93 95 84 67
k=3 0 o0 0 0 O 0O 1 5 16 33

Table 2: The Monte Carlo distribution of the number of factors estimated using
IPC; criterion. The probabilities in columns are measured in percent rounded to the
nearest integer. The data are N independent random walks of length T" each. The
number of MC replications is 10,000.

becoming close to 100%.
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Number of “factors” extracted

(NNT) 0 1 2 3 4 56
(60,52) 5 189 43.0 684 87.0 959 99.1
(243,83) 5 17.9 40.7 65.3 845 94.8 98.6
(128,710) 5 18.1 40.7 65.0 838 93.9 97.9
(58,220) 5 187 41.1 662 85.1 94.7 985

Table 3: The actual size of the 5% size Dickey-Fuller test (intercept only) based on
the t-statistic, applied to the first component (in the cross-sectional order) of the
“idiosyncratic” series. The series are obtained by subtracting a few “factors” from
the pure random walk data of dimensions N and 7. The number of MC replications
is 10,000.

7.3 Threshold for squared canonical correlations

In this subsection, we perform an MC analysis to assess the quality of the choice
a = 2 and b = 1 in the threshold a (gr + b) proposed in Section 5. We would like
to know how often this choice leads to the false and correct alarms for the spurious
factor analysis.

To investigate the rate of the false alarms, we use the MC setting in Bai (2004),
equations (21-23). That is, the data contain two genuine strong factors represented by
two independent random walks with NV (0, 1) increments. The entries of the loadings
matrix A are i.i.d. N(0,1). The idiosyncratic terms are generated by ARMA(1,1) so
that

eir = 0.5€; 41 + vir + 0.5v; 41,

where vy are i.i.d. N(0,1). The factors, loadings, and idiosyncratic terms are mutually
independent. Thirteen different choices of (IV, T')-pairs are the same as in Bai (2004).

To investigate the rate of the correct alarms, we simulate i.i.d. Gaussian random
walk data with the same dimensionality. The extracted factors for such data must be
spurious, which ideally should be detected by the proposed method.

Table 4 reports the MC mean of R, (with r = 2); the 1, 5, 95, and 99-th percentiles
of the MC distribution of the ratio of 83, (r — R,) to S,; and the percent of MC cases
where 0% (r — R,) is larger than 2 <§T + 1) , so that the spurious PCA alarm is
triggered. The upper panel of the table correspond to MC settings where the alarm is
undesirable, whereas the lower panel correspond to the MC settings where the alarm
is wanted.

For the upper panel, the MC average value of R, is extremely close to 2 for all
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N T  MC mean of R, Percentiles of Sr(r=Rr) Shp(r=Rr) o 4
Sr 2(5,+1)

1 5 95 99 (% of MC cases)

Two genuine factors in the data, r = 2.

100 40 1.9969 090 0.95 1.07 1.11 0
100 60 1.9985 097 0.99 1.06 1.09 0
200 60 1.9990 096 0.98 1.03 1.04 0
500 60 1.9993 094 0.96 1.01 1.02 0
1000 60 1.9994 093 095 1.00 1.01 0
40 100 1.9984 1.04 1.05 1.15 1.19 0
60 100 1.9989 1.02 1.03 1.09 1.12 0
60 200 1.9996 1.03 1.04 1.08 1.10 0
60 500 1.9999 1.04 1.04 1.07 1.08 0
60 1000 1.9999 1.04 1.04 1.07 1.08 0
50 50 1.9964 097 1.00 1.14 1.21 0
100 100 1.9993 1.01 1.02 1.06 1.07 0
200 200 1.9999 1.01 1.01 1.02 1.03 0
Spurious factors, » = 2. The data are i.i.d. random walks.
100 40 0.3731 2.42 296 8.06 10.0 99.83
100 60 0.3185 245 297 7.28 8.80 99.89
200 60 0.2383 3.42 4.04 8.64 10.0 100
500 60 0.1699 6.57 7.50 14.1 16.1 100
1000 60 0.1375 12.0 13.5 23.8 26.5 100
40 100 0.3734 2.55 3.20 8.59 10.6 99.94
60 100 0.3172 2.56 3.08 7.49 9.07 99.92
60 200 0.2389 3.63 4.24 9.15 10.8 100
60 500 0.1716 7.10 805 15.1 17.1 100
60 1000 0.1368 12.8 14.5 252 284 100
50 50 0.4454 1.82 237 7.26 9.16 98.23
100 100 0.2556 2.65 3.15 6.92 8.16 99.98
200 200 0.1378 3.38 3.80 6.52 7.34 100

Table 4: Results of the MC experiment that compares factors extracted from the
differenced data with differenced factors extracted from the level data. Upper panel:
MC setting is as in Bai (2004, egs. (21-23)). Lower panel: i.i.d. random walk data.
The number of MC replications is 10,000. Third column: MC mean of the sum of
the two squared sample canonical correlations. Columns 4-7: Percentiles of the MC
distribution of the ratio 6%,(r — R,)/S,. Last column: percent of MC replications
where the proposed threshold is violated.
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considered combinations of N and 7. This accords well with our Lemma 7, which
shows that 2 — Ry must converge to zero at the rate max { N2 T2} .

The reported percentiles of the ratio of 6% (1 — R,.) to S, accord well with another
corollary of Lemma 7 that the difference 0%, (r — R,) — S, is of asymptotic order
max { N1, 7T~} . All the percentiles are close to unity, although for relatively small
N, 8, tends to be slightly smaller than 6% (r — R,). Finally, as shown in the last
column of the table, none of our MC replications resulted in the false alarm for
spurious PCA.

For the lower panel, the MC average value of Rj is an order of magnitude smaller
than 2. The distribution of the ratio 03 (r — R,) to S, has all mass substantially
above unity. Practically all MC replications resulted in the spurious factor analysis

alarm triggered correctly.
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This note contains supplementary material for Onatski and Wang (2019) (OW in what
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1 Introduction
1.1 There is no supplementary material for this section of OW.
2 Basic setup and main results
2.1 Proof of Theorem OW1
Consider the multivariate Beveridge-Nelson decomposition of the demeaned X}
Xe—X=0(1) (&~ &) +T" (L) (er —7),
where U* (L) = Z:;O U LF with UF = — ZZkH V;, and &, = Z;Zl ¢j. In matrix notations,
XM=V (1)eUM +V*(L)eM, (1)

where M is the projection matrix on the space orthogonal to the T-dimensional vector of ones, ¢
is the N, x T matrix with columns ¢¢, and U is the upper triangular matrix with ones above and
on the main diagonal.

Recall that 3 is the sample covariance matrix of the demeaned data X M. Let 3 be the sample
covariance of the I(1) term in the Beveridge-Nelson decomposition (1) of X M, that is

> = MU'eWeUM/N, (2)

where W = W (1) ¥ (1). Denote the eigenvalues of ¥ as A; > ... > Ap and corresponding eigen-

vectors as Fi, ..., Fp. Since variation of I(1) series dominates that of I(0) series, it is reasonable



to expect that % and ¥ are close in some sense. Therefore our proof strategy is, first, show that
statements (i)-(iii) of Theorem OW1 hold when e, Fie, S are replaced by \g, Fy, > and then, prove
that replacing back “tildes” by “hats” does not affect the theorem’s validity.

2.1.1 Proof of Theorem OW1 for S\k,ﬁ’k,f}

First, we will prove the theorem for k = 1. Then, we handle general k by mathematical induction.

The following lemma is established in Subsection 2.2 of this note.

T
Lemma 1 Matriz MU’ has the following singular value decomposition MU' = Z 1aqqu(’1,
q:

where for ¢ < T, o, = (2sin (1q/(2T)))"" and the s-th coordinates of vectors w, and v, equal

wgs = —/2/T cos ((s —1/2) mq/T) and vgs = \/2/Tsin((s — 1) 7q/T).

For q =T we have op = 0, wp = lT/\/T, and vy = ey, where lp is the T-dimensional vector of

ones and ey is the first coordinate vector of RT.

Since wg, ¢ = 1,...,T — 1, form an orthonormal basis in the space orthogonal to Iz and F

belongs to this space, we have a representation
- T—1
F = Zq:l QqWy. (3)

Let us show that o2 L, 1. This would establish part (i) of the theorem because (w}d;)* — 1.

Representation (3) and Lemma 1 yield
3 T-1 / !
N\ =N szl o, Xwg =y W,

where v = Zf:ll aro-evr. The idea of the proof consists of, first, showing that the sum in the
latter display is aominated by the terms a%w;iwr, and, then, demonstrating that w;iwr is quickly
decreasing in r so that the maximum of the sum with respect to a’s is achieved when o? is close
to unity whereas a2 with r > 1 are close to zero.

The following lemma is established in Subsection 2.3 of this note.

Lemma 2 Suppose assumption A1 of OW holds. Let a,b,c,d and A, B be any deterministic T-

dimenstonal vectors and Nz x N: matrices, respectively. Then

E (a's’Aeb) = d'btr A, and (4)
|Cov (a'e’ Aeb, e’ Bed) — (d'c) (V'd) tr (A'B) — (a'd) (V'c) tr (AB)|
Ne T
< 2544 Zi:l thl |Aii Biiagbrerdy| (5)

where ag, by, ¢, and dy are the t-th components of vectors a,b,c, and d.



Corollary 3 Suppose assumptions A1 and A3 of OW hold. Then, for any positive integers i, j
such that 1 < 5 < T,
vie'Wevj = tr W (8,5 + op(1)), (6)

where 6,5 is the Kronecker delta, and

J 2.1 /1 .
ZT:Z, orveWev, = trW Zr . (I+o0p(1)) (7)
= trWZ 7,0r+trW0p(T2).

Proof: Since W is positive semi-definite, we have
(W] /teW)? < tr (W?) / (e W)? < [W]|/ tr W.

Further, |[W| = ||Q| and tr W = tr{). Therefore, assumption A3 of OW is equivalent to the

requirement
tr (W?2) = o(1) (tr W)?. (8)

The first and second equalities of the corollary follows from Lemma 2, Chebyshev’s inequality, and
T—1

(8). The last equality follows from the fact that E ) o2 =0(T?). O
r—=

Let K be a fixed non-negative integer. Consider a decomposition v = 7 + 75, where

ZK d T—1
= QO rEVy Al = Ay O pEVp.
Y1 g HrOrclr Yo g r— K1 rOrEU

We have, by the Cauchy-Schwarz inequality,
1/2 1/2\2
Wy < (('VEW%) 4 (W) ) : (9)
Since K is fixed and o2 = O (1), equation (6) of Corollary 3 yields

ViWy, = tt W Zil aZo? +trWop (T%)

< trW ZT;; o202 +tr W op (T2) . (10)

Further, we have
/ Ne r-1 1/2 2
YoWng = ijl Zr:K+1 OOy [W EUTL )

where [Wl/ 2evr]j is the j-th component of vector W1/2¢v,. By the Cauchy-Schwarz inequality,

<Zj:;+1 QrOr {Wlﬂgv } ) < Z:«F 11(+1 ; Z’r K+1 (UT {Wl/%w]j>2'



T
But E . a? = 1. Therefore,
r=

2
N, T—1 T—1
/ € 1/2 _ 2,1 1
Wy < o [W EV ] = o-v,.e Weuv,.
P22 = Zj:1 ZT:K+1 ( r r j Z,«:K_H rer r

This inequality and equations (7) of Corollary 3 yield

T-1
VoWryy < tr W ZT:KH o2 +tr Wop(T?). (11)
Using (10) and (11) in (9), we obtain
/ T=1 9 2 =1 5
YWry < tr W <Zr:1 ayo; + ZT:KH lope (12)

T-1 5 o=T-1 1/2 )
+2 <Z _, @0y ZT:KH O'T> + op (T ) .

Note that .
—1 _
> alo? <ol = (4sin? (n/ (21))) '

T—1
Since sinz > 2x /7 for z € [0,7/2], we have g . a?o? < T?/4.
r=
Similarly,
T-1 , T-1, 1 ) T-1
E L o= § . (4sin® (7r/ (2T7))) < (T°/4) g T

T-1

Let us choose K so that Z o2 < 62172 /4, where § < 1 is an arbitrarily small positive number.

Then, from (12),

r=K+1

VWy

IN

tr W (Zj__ll 2o’ + <i(52 + %5) T% + op (T2)>
tr W (ET__II o202 4+ 6T? + op (T2)> .

Since 0 can be made arbitrarily small,

IN

T-1
YWy <tr W <Z7"_1 o202 + op (T2)> .
Now recall that /W~ = N ;. Since
T=1 9 2 2 2 2y 2
Zr:l agoitr W < ajoitr W + (1 — af)oytr W,

we have
NM\ < adodtr W+ (1 —ad)odtr W + op (1) T? tr W. (13)



On the other hand, N\; must be no smaller than Nw}Yw; = o3v}e'Wew;. By Corollary 3,
o2 Wevy = o3 tr W+ op (1) T? tr W. (14)
Therefore,
N > o2tr W+ op (1) T? tr W. (15)
Combining this with (13), we obtain
2 2 2 2 2y 2 2
ottt W+op (1) T*tr W < ajoitr W + (1 —af)ostr W +op (1) T tr W,
which implies
1—af <op(1)T?/ (0% —03) =op(1). (16)
Hence,
2 o Zp
a2 = (Flwl) P, (17)
which completes our proof of statement (i) for k = 1.
To establish (ii), note that inequalities (13) and (15) yield

N — a%trW’ <1 - 2] (02 +03) tr W + op (1) T* tr W.
Combining this with the facts that o = 1+ op (1) and 03 = T?/7% + o(T?), we obtain

_ T2 tr W

_ T2 tr Q)
V77N

(1 + OP(l)) - =N (1 + OP(l)) ) (18)

as claimed by statement (ii).

Further, by Lemma 1,

Ntry =t g W g NS 2w
r2 =tr q OrWrope We =1 OqUqWy | = ey OrUre Wevr,

where the last equality follows from the orthonormality of the basis {w,, 7 =1,...,T}. Hence, by
Corollary 3,
) T
NS =ttW> o7 (1+o0p(1)). (19)
r=1

On the other hand, for any fixed K,

K K

K
D o}/T? = "1/ (4T%sin® (wr/ (2T))) — Y 1/ (7r)?

T

as T — oo. Furthermore, Z Kl 02/T? can be made arbitrarily small by choosing sufficiently
r=



T
large K. Hence, the Euler formula E = . r=2 = 712/6 yields g . 02)T? — 1/6.
r= r=

The latter convergence and (19) give us

_ 2 2

T T
D — 1 1) = —1trQ(1 1)).
tr 6NtrW( +op (1)) 6Ntr (14 o0p (1))

Combining this with (18), we obtain
A/ trE = (6/72) (14 op(1)), (20)

which concludes the proof of the theorem for &k = 1.

For kK = m > 1, the theorem follows by mathematical induction. Indeed, suppose it holds for

. T—1 S
k < m. Consider a representation Fj, = Z | QqWq- Since F],F; = 0 for all j < m, and since
q:
‘F]{wj‘ = 1+ op (1) by the induction hypothesis, we must have a; = op (1) for all j < m. In
particular,
R T—1
NF! YF,, = Zw:m aqaraqarvéelTﬁ/evr + op (T2) tr W. (21)

- —T—1

To see that (21) holds, it is sufficient to establish equalities N ajwé-E Z W, = Op (T2) tr W
B r=m

for any j < m, and equalities NV ajarwﬁZwr = op (T 2) tr W for any j,r < m. Such equalities easily

follow from the facts that a; = op (1) for all j < m and N Hi” =N\ = (T?/72) tr W (1 + op(1)) .

In addition to (21), we must have

m—1 m m

N> XN+ NF,SF, > wiMU'e'WelU Mw; = (Z 0?4+ op (T2)) tr W,

i=1 i=1 i=1

where the latter equality is obtained similarly to (14). Combining the above two displays, and using
the induction hypothesis, this time regarding the validity of the identities N); = (UZ2 + op (TQ)) tr W

for all 2 < m, we obtain

T-1
Z aqaraqarvfle'Wesvr > Uzn tr W + op (T2) tr W. (22)

q,r=m

Statements (i), (ii), and (iii) for & = m now follow by arguments that are very similar to those used
above for the case k = 1.

That is, we represent the sum on the left hand side of (22) in the form 7'W+, where v =
Zi—; arorevy. Then proceed along the lines of the above proof to obtain an upper bound on
W+, similar to the right hand side of (13). Then, combining this upper bound with the lower
bound (22), we prove the convergence a2, LA Finally, we proceed to establishing parts (ii) and

(iii) using part (i). We omit details to save space.



2.1.2 Proof of Theorem OW1 for ;\k,Fk,i

We need to show that the theorem’s validity for Fk, S\k and . implies its validity for Fk, 5\k and 3.
By standard perturbation theory (e.g. Kato (1980), ch.2), such an implication for statements (i)
and (ii) would follow if we are able to show that Hi — i)” = %2 tr Wop (1). That is, the norm of

S—Yis asymptotically dominated by the sizes of the gaps between adjacent eigenvalues, A, — /N\k+1
and A\g_1 — A\p. The Beveridge-Nelson decomposition (1) implies that it is sufficient to show that
|W* (L) eM||* = T2 tr W op (1) . To establish this equality, we need the following lemma.

Lemma 4 Suppose that assumption A1 of OW holds. Let Z, = I(L)ey and Z = [Z4, ..., Z7], where

I(L) = Z:O I,L* is an N x N. matriz lag polynomial that may depend on N, N, and T. If
T B [e'¢)

Zk:o |IIg|]| = O (N®) and TZkZT+1 ||Hk||?;, = O (N-N?*) for an o > 0, where ||-||p denotes the

Frobenius norm, then
1Z|| = Op <T1/2Na + NQ”N") . (23)

Proof: This is a modification of Proposition 1 from Onatski (2015), where a proportional as-
ymptotic regime with N/T" converging to a nonzero constant is considered. The triangle inequality
yields
T
<
1z <> Il ekl + [zl

[e.9]

where € = [e1_k, ..., ep—k] and rp = Zk:TJrl Ie_j. Obviously, for any k = 0,...,T, |le_g| <

llexll, where ex = [ei—7,...,er]. Latala’s (2004, Thm. 2) inequality implies that
les|l = Op <T1/2 + NV 2). Therefore,

T
1211 < Op (TV2 + NY2) 3= Tl + llrrl) = Op (TY2N* 4+ N22N®) + flrr] . (24)

On the other hand,

2
N T N T o0 N.
Elrrl® < Zi:l Zt:l B [(TT)?t] - Zi:l Zt:l B [Zk:T+1 Zs:l (k) 6”‘4
& 2 _ 2a
< Ty, o IllE =0 (NN
Hence, ||rr| = Op (Ngl/2No‘> . Combining this with (24) yields (23). O

Remark 5 The lemma holds under following simple but stronger assumptions: ZZOZO k|| =

O (N®) and Z:o_o E|g)? = O (N2) . This follows from the inequalities T ||7 < min{ N, N.} ||TT||?
o0 T oo 2
md T3 P < 3 R

By definition of ¥}, we have

o0 % o o
S <3 k] =0 v,

8



where the latter equality holds by A2. Further,
QLTS SRR 7S ST L A E eI
Therefore, ZZOZO k ||\I/Z||2 = O (N?*) . Hence, by Remark 5,
|[&* (L) EMH2 < || (L)€||2 =0Op (TN2O‘ + NEN%‘) . (25)

By assumption of Theorem OW1, the right hand side of (25) is dominated by T2 tr W = T?tr (),
which implies that statements (i) and (ii) of the theorem remain valid when A, and F}, are replaced
by 5\k and Fk
To show that (iii) holds for 5\k and ¥ if it holds for A, and 3, we need to establish asymptotic
) . T - - T -
equivalence of tr Y = Zi:l Ai and tr¥ = Zi:l Ai. From (1),

5\3/2 B 5\3/2

’ < || w*(L)eM|| /V'N and \; = A; = 0 for i > min {N, T}.
Therefore, by Minkowski’s inequality,

'(tr 53)1/2 _ (tri)m' < [ (L) M| min {1, TN} (26)
and

. . N\ 1/2
trE—trZ‘ < 2||\IJ*(L)5M||min{1, T/N} (uz)

+||@* (L) eM||* min {1, T/N} .

Using (19) and (25), we conclude that

S — tr i( < Tmin {1, \/T/N} Op <T1/2N°‘ + NQ”N“) (tr W/N)V/2
+O0p (TN** + N.N**) min {1,T/N}.
It remains to show that, under the assumption made in (iii), the right hand side of the latter

equality is asymptotically dominated by tr 3. By (19), such an asymptotic domination takes place
if

(W)™ =0 (min{N, T}:(F; + N.) N2°‘> '

But this is equivalent to the assumption made in (iii) because tr W = tr Q.



2.2 Proof of Lemma 1

o= (00 YO 0
0 Up_; 0 U,

where Ur_1 is the T—1-dimensional upper triangular matrix of ones. Denoting the T'—1-dimensional

Note that

vector of ones as lp_1, we obtain

UMU' - 0 0 (00
0 Ur—1(Ir—1 —lp—allp_y/T) U, 0 Q|

Q_l = (U{p_l)_l (IT—I + lT—lllp—1) (UT—I)_I-

We have

On the other hand, (Ur_1)~' is a two-diagonal matrix with 1 on the main diagonal and —1
on the super-diagonal. Therefore, Q' is a three-diagonal matrix with 2 on the main diag-
onal, and —1 on the sub- and super-diagonals. As is well known, e.g. Sargan and Bhargava
(1983), the eigenvalues of such a three-diagonal matrix, indexed in the increasing order, are
pp = 2 — 2cos(wg/2), k = 1,...,T — 1, where wy = 2nk/T. The corresponding (normalized)
eigenvectors are U = (Ug1, ..., ﬁk,T,l)' with 0; = \/Q/_Tsin (jwg/2) . This implies that the singular

values of MU’ (in decreasing order) are

or = \Juy" = (2sin (wy./4)

for k=1,...,7T—1 and op = 0, and the components of the corresponding normalized right singular

vectors are
vgs = /2/Tsin((s — 1) @wy/2), s=1,....,T

for k=1,..,T7 —1; and vps = 1 for s = 1 and vps = 0 for s > 1. Notice that vi, s = 1,..., T,
are proportional to the values at (s — 1) /T of the k-th principal eigenfunction of the covariance
operator of the Brownian bridge process (e.g. Shorack and Wellner, 1986, pp. 213-214).

To find the k-th left singular vectors wy with k& < T, we multiply MU’ by J,;lvk. We have
wg = 2sin (wy/4) MU v. On the other hand, the j-th element of U'vy equals

elImR/2 _q

7—1
\/2/TIm§€18wk/2 = \/2/TIII1 m

Therefore, 1/T'/2 times the j-th element of MU'vy equals

imR/2 _1 1 w2 . eliwn/2 cos((2j — 1) wp/4)
m-—-,———=1m - = 1lm — = -
elmr/2 — 1 T = elmk/2 _ 1 elwk/2 1 2sin (wk/ll)

10



Hence,
wis = —/2/T cos((s — 1/2) w/2), s=1,..,T

for k < T. Clearly, the left singular vector of MU’ corresponding to zero singular value equals

wr = \/1/TlT.

Remark. From (OWT7), we see that wgs with s = 1,...,7 and k < T are proportional to the
values at (s — 1/2) /T of the k-th principal eigenfunction of the covariance operator of the demeaned

Wiener process.

2.3 Proof of Lemma 2

We have

E (a''Aeb) = Zts . Z P E (argitAijejsbs)
. A 'bir A
= thl Zi:l atA;iby = a’btr A.

Further, denoting the i-th row of € as ¢;., we have
E (a'e’ Aebd'e' Bed)
= E J 1Zp,z . (ei.aA;je.bep.cBpe;.d)
R Z ; # ia) (i.) ().0) (;.d) AiiBjj)
F3 S Bl (c10) (25) (65.4) Ay By)
Z Zm ei.d) (¢5.b) (¢j.¢) AijBji)
T Zizl E ((¢i.a) (€:.b) (ei-c) (eid) Aii Bii) -

We have, first,
N. N.
> Z#i E((ei.a) (€i.b) (g5.0) (€;.d) AiBjj)
N. N.
Zi:l Zﬁg' (a/b) (c/d) A“‘Bjj

— () (c d)[trA J(B) -3 A”Bu},

second,

11



S S (i) (i) (640) (55.) Ay By)
-y Zjv (d'c) (V'd) Ay By
(d'c) (b'd) [tr (A'B Z A“Bu} :

third,
N N
N N
= D Z#i (a'd) (V'c) Ai;Bji
py / / J— NE .. ..
— ) () [ir(am) - 0 ).
and finally,

S E((eia) () (ei) (e1.d) AiiBio)
-y (Zf_l oS b S s sitthiiBii>
= Y A <Z;#s atbieads + Y, aibeerds £ Y, asbacudy
D Ee;*tatbtctdt>
= 3 4By ((b) (¢d) + (e) (V) + (a'd) (t'e)
+ Z (Bet, — atbtctdt>
Summing up,

E (a'e' Aebce’ Bed)
= (a'b) (c'd) (tr A) (tr B) + (d'c) (V'd) tr (A'B) + (d'd) (V'c) tr (AB)
T
Z Azszz i1 (EEEJ} — 3) atbtctdt.

Recall that E (a’e’ Aeb) = a’btr A and E (e’ Bed) = ¢/dtr B. These equalities and the last display
yield

Cov (a'e’Aeb,d'e'Bed) = (d'c) (V'd) tr (A'B) + (d'd) (V'c) tr (AB)

N. T
+ 21:1 AiiBii Z (Be}, — 3) arbrceds.

t=1
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The inequality (5) follows because ’Eeft — 3! is bounded by 23¢4 uniformly over ¢ and ¢. Indeed, by
assumption Al, Be} < 54, and Be}, — 3 < 3¢4. On the other hand, Ee}, > (Es?t)2 =1, and thus,
sy > 1 and Eef, —3 > —2 > —25¢4.

3 Extensions

3.1 Local level model
3.1.1 Proof of Theorem OW2

Consider the decomposition
YM=wrXM+ ZM, (27)

where X = [X1,..., X7] and Z = [Z1, ..., Z7]. Note that the principal eigenvalues and eigenvectors
of MX'XM/N satisfy Theorem OW1 (i-ii) as long as condition (OW5) of that theorem holds.
Statements (i) and (ii) of Theorem OW2 would follow from this fact and the standard perturbation
theory (e.g. Kato (1980), ch.2) if we are able to show that ||MZ'ZM|| = wiT?trQop (1).

Assumption A4 of OW yields ZZO:() Ik = O (NP) and k|| < ZZQ<1+k) k|| =
(0] (N s ) . Therefore, ZZOZO k ||Hk||2 =0 (N 26 ) and, as explained in Remark 5, we can apply Lemma
4 to obtain

|ZM]| <11Z] = Op (T'2N? + Ny2N7) .

Hence, Theorem OW?2 (i-ii) holds as long as (OW5) and (OW9) hold. But these are the assumptions
of Theorem OW2 (i-ii).

For (iii) to hold, it is sufficient that (OW6) is satisfied and ’trf) —whtr (MX'XM) /N| is
asymptotically dominated by w2T tr (M X'X M) /N. Using arguments very similar to those employed
in the proof of Theorem OW1 (iii) after equation (25), we see that such an asymptotic domination
takes place if w212 tr /N asymptotically dominates N 28(T + N,)min {1,T/N}, which is implied
by the assumptions of Theorem OW2 (iii).

3.1.2 The case of the I(1) weight proportional to 1/T

In this subsection we would like to revisit the example given in the main text immediately after the
formulation of Theorem OW2. We would like to show how, in that example, the theorem would be
violated if wr converges to zero faster than allowed by condition (OW9).

Consider X; and Z; that follow a pure multivariate random walk and white noise processes,
respectively. For simplicity, we assume that X; and Z; are independent and Gaussian, and that
T/N = c € (0,00). In this setting, A1-A4 are satisfied with « = f =0 and trQ2 = N, = N, = N,
so that condition (OW5) of Theorem OW1 is trivially satisfied while condition (OW9) of Theorem
OW?2 is violated if and only if wy converges to zero as fast or faster than 1/7". We will assume that

wr = w/T for some positive fixed w.

13



Consider a singular value decomposition wp X M/ VN =USV. Here U and V are orthonormal
matrices and S is a diagonal matrix of the singular values of wp X M/v/N. By Theorem OW1 (i-ii),
the k-th row of V' becomes asymptotically collinear with a cosine wave (represented by vector d),
and the k-th diagonal element of S converges to w/ (km) as T — oo. We would like to know whether
and how the principal eigenvectors of ¥ = MY'Y M /N differ from the cosine waves.

From (27), we have
UYMV'/VN =S+UZMV'/VN.

Note that the last diagonal element of S is zero (because M has deficient rank), and the last row
of V belongs to the null space of M. Denote matrix U'Y MV’ with the last (zero) column removed
as Y. Similarly, denote matrices S and U'ZMV’ with last (zero) columns removed as S and &,
respectively. With this notation,we have Y /v/N = S + &/+/N.

By definition, the entries of the k-th principal eigenvector of Y'Y /N equal the scalar products
of the k-th principal eigenvector of ¥ with the rows of V' (which become asymptotically collinear
with the cosine waves). Further, since we have assumed that X; and Z; are independent Gaussian,
€ has i.i.d. (standard) Gaussian entries.

Now, let S be an N x (T — 1) matrix with all elements zero, except the first K diagonal elements.
For k < K, let Sy, = w/ (k). Obviously,

?/x/ﬁ=5‘+é/\/ﬁ+(5‘—5’>.

For arbitrarily small § > 0, we can choose K so large that Hg - S H < & with probability at least 1—4,
for all sufficiently large N, T. Therefore, the asymptotic behavior of the k-th principal eigenvectors
(and eigenvalues) of Y'Y /N and of <\/ﬁ5’ + <§>/ (\/NS’ + 5) /N is the same. In particular, the
k-th components of these two principal eigenvectors converge to the same limit.

By Theorem 1 of Onatski (2018), if w? > (k;7r)2 Ve, the k-th component of the k-th principal
_ / _
eigenvector of <\/ NS+ ?:) <\/ NS + ?:) /N converges to

wt — ¢ (kr)*

w? <w2 + (knr)2> .

Ik =

If w? < (knr)2 V¢, then the k-th component converges to zero. Furthermore, by Theorem 5 of
_ / _

Onatski (2018), if w? > (kr)?/c, the k-th principal eigenvalue of (\/ NS+€‘) (\/NS + ?:) /N

converges to

e <w2/ (km)* + c) (1 + (km)? /w2> .

If w? < (km)? \/c, then the k-th eigenvalue converges to (1 + 1/c)?.
In our setting, these results show that Theorem OW2 does not hold when wr = w/T. Specifically,
the scalar product of the k-th principal eigenvector of ¥ with the “k-th cosine wave” does not

converge to one, and the k-th principal eigenvalue of ¥ does not converge to w?/ (k‘ﬂ')Q. Instead,

14



if w? > (knr)2 V¢, the scalar product converges to g, < 1 and the eigenvalue converge to py;, >
w?/ (km)?. If w? < (kn)?\/c, the k-th principal eigenvector of 3 is asymptotically orthogonal to
the “k-th cosine wave”, and the k-th eigenvalue asymptotically depend only on ¢, but not on w or
k.

Interestingly, even though Theorem OW?2 becomes violated, the principal eigenvalues of 3 still
decay very fast, for relatively large w. Hence, the scree plot for matrix ¥ still can be wrongfully
interpreted as showing the existence of factors in the data. This phenomenon gradually disapperas
as w becomes smaller and smaller. Similarly, for large w, the k-th principal eigenvector of ¥ is
“almost collinear” with the “k-th cosine wave”, but the quality of the alignment deteriorates as w

decreases.

3.2 Local-to-unit roots

Similarly to the proof of Theorem OW1 in Section 2, we analyze the eigenvalues and eigenvectors of
S=MX'XM /N in two steps. First, we study a matrix > with simpler structure, and then show
that the results still hold when ¥ is replaced by 3. To define ¥, consider the following extension
of the Beveridge-Nelson (BN) decomposition to nearly integrated series (OW11),

Xt = Zt + \I/**(L)&g, (28)
where
Zi—px =p(Zi-1—px) + ¥ (1) e (29)
with
ZO e XO — P (L)Eo, (30)
and U (L) = Z;’ig T L with
k ' o)
D Can ey R TRV S 78
j=1 j=k+1

The series Z; can be interpreted as the “long run component” of X;. When p = I, ¥7* = U7 and
the decomposition reduces to the standard BN one.
To see the validity of (28), use a standard recursive substitution in (OW11) and (29) to obtain

Xe—px = Zj:) PU(L)er—j + p' (Xo — px) and (31)
Zimpx = Y P UWe o (Zo = ). (32)

Subtract (32) from (31), substitute p' (Xo — Zp) by p'¥**(L)eo, and verify that the right hand side
of the so obtained equality has form U**(L)e; by matching the coefficients on different lags of &;.

We will show that the first-order asymptotic behavior of principal eigenvalues and eigenvectors
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of 3 = MX'XM/N is not affected when X is replaced by its long run component Z = [Z, ..., Z7] .
This is similar to the unit root case. In contrast to the unit root case, M Z'ZM/N is not invariant
with respect to the initial values Zy, which are not eliminated by time avearging Z —— Z M.

To handle the effect of the initial values, we will treat components of Z; having unit root (first
N; components) and local-to-unity roots with positive local parameters (last N — N7 components)
separately. Denote the j-th rows of W (L) and Z as ¥;. (L) and Zj., respectively. By assumption,
for any j > Ny we have Xjo — puy; = ZZO pé-\I/j. (L)e—i. Using this in (30) yields Zjo — py; =
Z(:O p;'»\Ilj. (1)e—;. Combining this with (32), we see that for any j > Nj, Zj; is a stationary
process with the initial value Z;o distributed according to its unconditional distribution.

The recursive substitution in the equation Zj; — py; = p; (Zj7t_1 - ,LLXj) + W5 (1) & yields

T+t—1 i -
Zjr — pxj = V5. (1) Zi:o piet—i+ ;" (Zj—r — px;) - (33)

for any 7 > 0 and j > Nj. For 7 > 0 and j < Ny, let us define Z; _; as Zjo — ;. (1) Z;_Ol €4
With this definition, representation (33) holds for any 7 > 0 and all j = 1,..., N, not only for
j > N

Let us set 7 = T3, and let £ = [e,_73,€9_73, ...,e7] . Finally, let U; be a T (T2 + 1) x T matrix

such that

3
Pl pj A0
T3+1 2 1 0
U Pj Pj Pj P; 0
i~ :
3 _ — _
A

With this notation, we have

3
Zj. =V () EU; +p; [pjs 03 -sp) ) (Zj—15 — Bixj) + bix;
for all j =1,...,N. Using this representation together with (28), we obtain

V1. (1) &0y
XM = : M + XM + 9™ (L) eM, (34)
Un. (1) EUN
where
3
Xini = p* [Pl (Z_gs = pix) s p" (Z_ps — px)] + px-

Similarly to the unit root case, we will show that, under the assumptions of Theorem OW3, the

behavior of a few of the largest eigenvalues and the corresponding eigenvectors of S s asymptotically

16



equivalent to that of a few of the largest eigenvalues and corresponding eigenvectors of

voWern [ v )em
S=—M : : M. (35)
Wy (1) EUN Uy (1) EUN

Therefore our proof strategy is as follows. First, establish statements (i)-(iii) of Theorem OW3
for S\k,ﬁk, Y instead of Xk,ﬁk, 3 and then, prove that replacing “tildes” by “hats” does not affect

the theorem’s validity. Here, A, and F}, denote the k-th principal eigenvalue and eigenvector of 3.
defined by (35).

3.2.1 Proof of Theorem OW3 for S\k,ﬁ’k,f}

Write 3 in the following form
| X
N== > MU (1) Uy (1) €U M. (36)
i=1
Taking expectation of the left- and right-hand sides yields

N N
ES = % > W (1) W (1) MUJUM = % > QuMUUM,
i=1 i=1

where Q = W (1) ¥/ (1). As will be seen below, the asymptotic behavior of a few of the largest
eigenvalues and corresponding eigenvectors of ¥ and EX coincide.

Let us denote the k-th principal eigenvalue and eigenvector of EY as i, and @y, respectively.
In Section 3.2.4, we prove that under OW’s assumptions A1, A2 (which is weaker than A2a), A3
and A5, for any fixed positive integer k, fi,/T? — g, where j;, is the k-th principal eigenvalue
of the integral operator Kz, defined in the main text. Furthermore, |@di| — 1, where dj =
(0p(1/T), ... 0, (T/T)) /NT and @y (s) is the k-th principal eigenfunction of Kz, and ji,/ tr EX —
i/ Zj:l p;- In other words, statements (i), (ii), and (iii) of Theorem OW3 hold when Ay F,

and 3 are replaced by i, ¢, and Ei, respectively. The convergences after replacement are the
usual ones rather than in probability because EX is a nonrandom matrix.

Given the results announced in the previous paragraph, showing that
. | P T~ P X S 5 P
‘kak‘al, Mo/, —1 =0, and A/ tr¥ — fi,/trEX — 0 (37)

would establish Theorem OW3 with 5\k, Fk, and & replaced by S\k, F}, and X. Let us now prove

the convergencies in (37).
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We start from the case k = 1. Let us represent I in the form

F ZT B T-1 _
= (6] = E [0
1 g=1 qQOQ g=1 q90q7

where the latter equality holds because Fi must be orthogonal to Ir/ VT = @7, which is an

eigenvector of ¥ and of EX corresponding to the zero eigenvalue (we remind the reader that Ip

denotes the T-dimensional vector of ones). The above representation and the definition (36) of %

yield
T T-1 1 N, (@) ~
A\ = an:l Qg Zi:l O A g,
where
AW = MUIET, (1) W, (1) €U M.

Let K be a fixed positive integer. Represent 5\1 in the form 5\11 + 5\12 + 5\13, where

5\11 = qu 1 Tan Z 90q7
~ T-1 ~
>\12 - qu K+1 Tan Zz 1 Z) Par

and

s K T-1 1 Ny A) -
Aig =2 Er:l ZquJrl Ay Zi:l Pr APy

A < (A1/2+5\1/2) ‘

Consider the inner sum in the expression (39) for A11. Equation (4) of Lemma 2 yields

Note that

1 N
NZ AVG = Nzizl PLMUUMp, tr (W), (1) ;. (1))

1 N
[ .. 'TT. >
= ¢ <N § :z‘:l QMMUlUZM> P4
= PLESP, = fi,0rq-

Further,

e (ﬁ MR ‘pq> N2 > i ., Cov (2495, 8.408,) .

18
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Equation (5) of Lemma 2 yields

Cov (cprA(”soq,so AV)g )
< @MUUMp, gy MUU; M, tr (U;. (1) ¥, (1) ¥’ (1) ¥5. (1))
+@,. MUU;M @, @, MU;U;M @, tr (W] (1) ;. (1) ¥} (1) ¥ . (1))

Ne
+2504 UM, | UM, || 1U; M || UM, || D " (Wis (1) s (1))

Section 3.2.3 below proves the following inequality

sup [|UM]| < v/2T. (43)
pie[ovl]

This inequality and the above bound for Cov (@;A(i)cﬁq, @;A(j)gbq) yield

Cov (74D, 5,40, ) < 8T ((\I/ W)W () 450 (W (1) Wy (1))2>

and

Var (300, 095, ) < S T 0w @) +0a 0, 002

We have

Therefore,

] 4
Var(%Zjvlgb/A(z)@q) < %(1+%4)tr (@) v )] (44)

8T T

N (14 52¢4) tr [Q2] = (1)N2 (tr Q)

where the last equality follows from A3 (as explained in the proof of Corollary 3 above). By
Chebyshev’s inequality,

~ K
g = Zm o2, + op(1)T%tr Q/N. (45)

Next, consider Aj2. The definition of A®) yields

2
)‘12_]\721 1<Zr K+ 10“" (1 MUM%) '
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By the Cauchy-Schwarz inequality,

T-1
NZZ IZT K+1 QZT K+1 gUM()OT)
= sz 1Zr K+1 §UM<pr) :

5\12

IN

Lemma 2 yields

T—1 T—1
Zz lzr K+1 D ev MSDT) o Zr:KJrl iy (46)
and
Var( ZZ 1ZT K+1 1) EU:M,.) )
1 -1 - \2 - \2
- Wzi,jzl sy Cov ((\Ili.(l)fUngor) (9. (1) EU;M3,)%)
2 N T-1 B B T
S 5 Dyt Dmgercst UM P UM, | [(w (W) o} VWD)
Note that

o UM UM, ||* < tr (MUU;M) tr (MUSU; M) < 4T,
qu KHII el lU; M, r r

where the latter inequality follows from the fact, established in Section 3.2.3, that tr (MU;U; M) <
2772 for any i.
Therefore,

Var( ZZ 12? Il<+1 1)EUMp,.) >

S SN AR S AULAN)

Following the steps of the above analysis leading to (44), we obtain

T-1 T4
Var ( ZZ 1ZT K+1 1) EU;Mp,) ) < 0(1)m (trQ)2. (47)
Chebyshev’s inequality together with (46) and (47) yields
e <>V g )72 tr Q/N 48
2 <Y A top()TP QN (48)

The following lemma is proven in Section 3.2.5.

Lemma 6 For any fized positive integer J,

T
2
S :J By ST Q) (9JN)

20



for all sufficiently large T'. Furthermore, for any fixed positive integer k, there exists a constant
Cy > 0 such that
fip > CLT?tr Q/N. (49)

for all sufficiently large T'.

Using the first inequality of the lemma in (48), we obtain
- T2

K
Now, use (50) and (45) in (42), noting the following two facts. First, by Lemma 6, E . Q) (trQ/N)
r=
is of order T2 for large T. Second, 1/K in (50) can be chosen arbitrarily close to zero. Hence, (42)

yields
~ T N
Mo< Y At op()T? e Q/N
< offiy + (1 - af)fiy + op(1)T7 tr Q/N. (51)

On the other hand, A; must be no smaller than @} %@,. Since

and, by (44),
~1 S~ T4 2
Var(#1561) = o(1) 3 (tr0)?,
we have by Chebyshev’s inequality
PYEpy = fig + op(1)T? tr Q/N. (52)
Therefore,
A1 > fiy +op(1)T? tr Q/N. (53)

Combining this with (51), we obtain
fin +op(DT?tr Q/N < offiy + (1 — af)fig + op(T?) tr Q/N,

which implies
T2

H1—ﬂ2'

1—a?<op(1)

But, as is proven in Section 3.2.4, fi; /T? — py and fiy/T? — . Since by A5, py > piy, we have

~ 2
(Fig) =t 51 (54)



This establishes the first convergence in (37) for £ = 1.
Next, inequalities (51) and (53) yield

Au = fin| < 1= 3] (s + o) + op(1)T? tr Q/N.

Combining this with the facts that o = 1+ op (1) and, by Lemma 6, ji; > CT?tr Q/N for some
C > 0, we obtain

A= fin (1+0p(1)), (55)
which gives us the second convergence in (37) for k£ = 1.
Further,
L NI
S ~1 (z
TR 2
Hence,

T
EtrY = tr (ES = i
j=1
and, by (47) which holds for all fixed K, including K =0

Var (tri) - 0(1)]% (trQ)2.

Hence, by Chebyshev’s inequality

T
try = Zﬁj +op(1)T?tr Q/N
j=1

and

5\1~ _ fiy (1 +o0p(1)) _ 3 +op(1)

T T
D D R S

where the latter equality is a consequence of Lemma 6. Thus,

A/ trE — fig/trEY 30,

which establishes the last convergence in (37) for k = 1. Note that, by Lemma 6, ji;/ tr EX remains
bounded away from zero as N,T — oc.

For k = m > 1, the statements of (37) follow by mathematical induction. Indeed, suppose they
hold for k < m. Consider a representation F), = Zz:ll Qqp,- Since F,’,LF j = 0 for all j < m, and

since ’F;ij) =1+ op (1) by the induction hypothesis, we must have o; = op (1) for all j < m. In
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particular,

F SFE, = Z ozqoerZ A%, +op (1) T tr Q/N. (56)

q,r=m

Indeed, to see that (56) holds, it is sufficient to establish equalities

T—1
;@5 )o@, = op (1) T? tr Q/N
r=m
for any j < m, and equalities
ajo, @S¢, = op (1) T* tr Q/N

for any j,7 < m. Such equalities easily follow from the facts that o; = op (1) for all j < m and
HEH — 3 = O0p (1) T2 tr Q/N.

In addition to (56), we must have
m—1 m 1 N
3 nARSE A > A
;)\ri- mZszzlﬁzi_I@j ZNZ+OP T tr /N,
1= 1=

where the latter equality is obtained similarly to (52). Combining the above two displays, and
using the induction hypothesis, this time regarding the validity of the identities

i/t — 1= op (1)

for all ¢ < m, we obtain

T-1
1 N N ~ ~
Z Qg0 Zi:l go;A(Z)goq > [y +0p (1) T? tr Q/N (57)

q,r=m

Statements of (37) for & = m now follow by arguments that are very similar to those used above
for the case k = 1.

That is, we represent the sum on the left hand side of (57) in the form At -+ Ama + 5\m3, defined
similarly to (39-41). Then proceed along the lines of the above proof to obtain an upper bound on
At + Ama + )\mg, similar to the right hand side of (51) Then, combining this upper bound with

2

the lower bound (57), we prove the convergence o, L) Finally, we proceed to establishing the

other statements of (37) using this convergence.

3.2.2 Proof of Theorem OW3 for ;\k,Fk,i

We need to show that the theorem’s validity for Fk, 5\1c and 3 implies its validity for Fk, 5\1c and
3. By standard perturbation theory (e.g. Kato (1980), ch. 2), such an implication for statements
(i) and (ii) would follow if we are able to show that Hf) - EH = TwztrQOP (1). Equation (34)
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implies that it is sufficient to establish two facts. First, || XimiM||?> = T2 trQop (1), and second,
[T** (L) eM|* = T? tr Qop (1).

We have || XiniM||? < || XiniM||% , where ||-|| » denotes the Frobenius norm. A direct calculation

yields
2T TN 2
o2 N arspp (L—pi 1 (1—p 2
HXlnlMHF - Zi=N1+l Pi ( 1— ;;12 - T 1— pzl (ZL—T?’ - IU’XZ) )

and

27342 oT T\ 2
2 N Pi L —p; L(1—p
BIXmME = 3 T ( 7 (1_;) )qf (1) (1)
(2 7 K

3
_ ZN pz‘2T+21_pzT 1+pzT_ll_pzT U, (1)\1/{ (1)
=N+t 1—pf L—p; \14p; T1l—p;) "7

27342 T T
N “ 1 1 11—=p!

< Ty, " 3 Lo P ) g (1 v (1)
i=Ni+1 1—p7 \1+p;, T 1—p;

e 27342 , /
=Y AT ) v ()L (),

where h (p;) is as defined in (67) below. As shown there, h (p;) is non-negative, continuous, |h (p;)| <
1 for all T, and h(1 —z/T) < z/4 for z € [0,1). This implies that

max p?T3+2h (p;) < (1— 1/T)2T3+2 < 672T2’

pi€[0,1-1/T]
and
max p$T3+2h (p;) < max Z?TS w2 (L= p;)
p;€E[1-1/T,1] p:€[1-1/T1] 4

1 27342 T 1
= l— — < .
( 2T3+3> 4(273+43) — 872
Since e 27" < 1/ (27?) , we have overall, max, c[o,1 pr3+2h (p;) <1/(27?) and
2 _ 1IN , 1
E | XM |5 < 5 Zi:MH Wi (1) ¥ (1) < S tr . (58)
By Markov’s inequality, || XinM||% = tr QOp (1), so that
| XiniM | = trQOp (1) = T? tr Qop (1), (59)

as required.
It remains to show that |[U** (L)eM||* = T2 tr Qop (1). Note that

™ (L) eM|[* < [0 (L) e|® < 210" (L) e + 2|1 (L) ]|
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where ©** (L) = 2211 O L* and II** (L) = ZZO:O ¥ LF with

k 0o

O = Z (pk_j — pk) VU, and I} = —pF Z 0.
i=1 j=k+1
We have
[e.e] [e'e) 00 00 0
S = e < 3wl
Jj=k+1
(0. ]
< il =0(N).
j=1
Further,
00 1 0 1
I < Ul < —— | = O (N®
I < D0 10 < g D2 71l = 50 (V)
j=k+1 j=k+1

Combining the latter two displays, we obtain
o0 sk ]2 o0 Kk 2
S R <o) Y | =0 (V).
Hence, by Lemma 4 and Remark 5,
I (L) e||* = Op (TN?* + N.N*®). (60)

This equality, the assumption of the theorem that (T + N.) N2*71/T% = 0(1), and the fact that,
under A5, N/trQ = O(1), yield

| (L) e]|* = T? tr Qop (1) .

k .
Next, recall that ©7* = ijl (pk*J — pk) V;. For any k > 1,

k—j _ ok k—j k—1
‘,0 —r| H(I_p)p +..-.+p
J J
IT+..+p1 I—pF
< H(I—p) ? ==
Therefore,
k k—j k
K% 4 — P .
KIOFr < k) | =]/ 1%l
j=1
<

=19t =0 (v {22}
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where the last equality follows by assumption A2a. Therefore,

0o 1

o0 k% :
TZk:T—H 16577 < O (N**+min{N,N.}) TZk:T—H k2

= O(N** +min{N,N.}).

Further, ©3* = 0 and

T
Sl

IN

k
T s
YOS Ty 121 (61)
j=1
SIS [
I Ly 1P Tl
J:

By assumption A5, there exists ¢ > 0 such that ¢; < ¢ for all j € N. Note that the maximum of
rk=i — vk on r € [0,1] is achieved at © = (1 — 5/k)*7. On the other hand, the smallest possible

diagonal element of p equals e=%/ T and
e > (1= j/k)
for k < T/¢. Therefore, for such k,
H o pkH < e kO/T (ejw _ 1)

and

(equ/T — 1) <efj$>/T _ e*1>

i B =
(ej&/T _ 1) (1—e)
< Y

But for x € [0,1],e*—1<(e—1)zand 1 —e * > (1 — 6*1) x. Therefore, for all j =1, ..., [T/c?ﬁ] ,
T —1 < (e~ 1) (jo/T)
and for all sufficiently large T
1—e 9T > (1—e 1) (¢/T)

Hence,

T (=1 (G3/T) (1 =<t
S s ] < DD o,

26



Next, for k > T/, we have

. k=3\""" _
k=i okl < [ 22 L <2 2
H” ”H—<k> k= k (62)

and

IN

! - T oy ]
Zk:[w]ﬂ Hpk — pkH j Zk:[w]ﬂ - <i(nT —n (T/26))

— jIn(29).
Hence, overall, .

Sl <+
and thus,

T
S e < 317 (1n (28) +2) = O (V7).
7j=1

In particular, the assumptions of statement (ii) of lemma 4 are satisfied and
16 (L) e| = Op (TUQ + Ng/Q) Ne. (63)
Since by assumption (7' 4+ N.) N2~ /T2 = o(1), we have
10 (L)el* = T? tr Qop (1),

which concludes our proof of parts (i) and (ii) of the theorem.
Part (iii) of the theorem can be established similarly to part (iii) of Theorem OW1, using the
fact that, by Lemma 6, there exist positive constants C7 and Cy such that

T? . T°
C’lwtngtrESC’gwtrQ. (64)

Specifically, we need to show that )trf] — trf)‘ is asymptotically dominated by trX. The above
inequalities and the fact that N/tr Q = O(1) imply that it is sufficient to establish the asymptotic
dominance of ‘tr S — tr i‘ by T2.

From (34),

~

=N < e () eM VN + | XM VN

and \; = \; = 0 for i > min {N, T} . Therefore, by Minkowski’s inequality,

'(tr 2)1/2 - (tri)1/2' < (10 (L) eM || + || Xiai M) min {1, /T/N }
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and

N - -\ 1/2
‘trE—trE‘ < 2(||\I/**(L)5M||+||XmiM||)min{1, T/N} (trE)
+2||0** (L) eM||* min {1, T/N}
+2 || Xini M || min {1, T/N} .

N\ 1/2 . .

By (64), <tr E) = Op (T') . Therefore, to establish the asymptotic dominance of |tr ¥ — tr E} by
T? it is sufficient to show that

[ (L) eM|*min {1,7/N} = op (T?) and (65)

| Xini M || min {1, T/N} = op (T?). (66)

Since ||[¥** (L) eM || < ||©** (L) g|| + ||IT** (L) €| , equalities (60) and (63) yield
|9 (L) eM| = (T2 4 N22) NoOp(1).

Hence,
(T + N;) N*@

max {7, N'}

But, by assumption of (iii), (T + N;) N2*/ (T max {N,T}) — 0. Therefore (65) holds.
Finally, by (59),

10" (L) M]J? min {1, T/N} = - Op(1).

| XiniM||> = tr QOp (1).

Therefore,
TtrQ

. . 2 1 = T A
[ Xini M in {1, T/N} = oy

Op(1).
Since tr Q/N = O(1), we have

| Xini M||* min {1, T/N'} = TOp (1) = T?0p(1)
and (66) holds.

3.2.3 Bound on the norm of U;M

Since ||U;M|)* < tr (MU!U; M), it is sufficient to prove that sup,, cfoq1) tr (MU;U; M) < 272, Let
Ul-(l) be the upper T3 x T block of U; and UZ@) be the lower T" x T" block. Then,

tr (MUUM) = b (MUUOM) + o (MUP'UP )

IN

(3

tr (MU M) + o (U0

IN

tr (MUPU M) 72,
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where the last inequality follows from the fact that tr (Ui(Q)/Ui(2)> equals the sum of squared elements

of the T' x T matrix Ui(2) and all these elements are non-negative and no larger than 1. Hence, it is
sufficient to prove that Sup,.co,1] tr (MUi(l)/UZ.(l)M> < T2
Note that

1 3_ ! _
Uf) ::( Pgﬁ P? b Pii) < Lop - P? ' )'

Therefore, for p; = 1, Ui(l)M = 0 and tr (MUi(l)/Ui(l)M> < T? trivially holds. For p; < 1, an

elementary calculation yields

? 2
tr(MU-(l)’Uﬁl)M> _ o ploal (1o 1 1-p]
"1-p \1=p2 T \1l-p

2
1 1—p?T_1<1—p?>
L—p; \ 1=p; T \1l-p
_ 14 (1+pf_11—p?>
1=p)? \14p T1l-p
_ T <1+pf_11—p?>'
T l=p

IN

L+p; T 1-=p;

Since the term in the final bracket is no larger than unity, the obtained bound on tr <M Ui(l)/Ui(l)M >

is no larger than T2 for all non-negative p; < 1 — 1/T. Hence, it is sufficient to show that

1 1+p0 11-pF
sup < T pz)gT.
pea-yryl=pi \1+p; T 1—p;

Let us reparametrize the problem using p; = 1 — /T, where z € (0,1) . It is sufficient to show
that

3 T4 T
wp L (LT 1w
ve(0,1) T 2—a/T z

The Taylor expansion of (1 — z/T)7 at zero yields

. T-1 o\,

where z* € [0, z] . Therefore, for all 7" > 2 and = € (0,1) we have
(1—2/T)" =1 -2+ Ry ra? with |R, 7| <1/2.

This yields

1 <1+(1—$/T)T - 1—(1—x/T)T) 1 <x/T—x+Rx,Tx2

2 2/T z 2 2/T +R“’T$>‘

29



But for T' > 2 and x € (0,1), we have z/T — z + R, rz* < 0. Therefore, the right hand side of the
displayed equality is no larger than R, r. Thus,

ST\ 2-2/T z

1(1+Q-a/7)" 1-Q1-2/7)"
ze(0,1) ¥

>§1/2<1.

This completes the proof of inequality (43) for all 7" > 2. A direct verification shows that the
inequality also holds for 1" = 1.
As a bi-product, we established the fact that function

1+pT 1—p”
P (P 41) forpe o)

0 for p; =1

h(p;) = (67)

is non-negative, continuous, uniformly in 7" bounded, and such that, for all T, h(p;) < 1 and
h(1 —2/T) < x/4 for x € [0,1). We refer to equation (67) in Section 3.2.2 above.

3.2.4 Asymptotic analysis of the eigenstructure of EY.

The final goal of this section is to establish the results claimed in the paragraph immediately
preceding equation (37), which formed the basis of our proof of Theorem OW3 in Section 3.2.1.
Recall that the results are formulated as follows. Under Al, A2, A3 and A5, for any fixed positive

integer k

i /T? = g (68)
!gbzdk‘ — 1,and (69)
e/ TES — o/ Zj:1 ;- (70)

Here i, and ¢, are the k-th principal eigenvalue and eigenvector of EY, i, is the k-th principal
eigenvalue of Kz, and dy = (¢, (1/T), ..., 0, (T/T)) /NT, where ¢, is the k-th principal eigenfunc-
tion of Kr.

To establish (68-70), we will prove that there exist approximating integral operators Ky r acting
such that,

on one hand, their principal eigenvalues and eigenfunctions converge to those of Kz, and on the

on the space of continuous functions on [0, 1] equipped with the supremum norm, ||-|| sup?
other hand, the nonzero eigenvalues of Ky r coincide with those of EY /T2, and the corresponding
eigenfunctions evaluated on the grid 1/T,2/T,...,T/T are eigenvectors of EX/T2. Convergences
(68-69) immediately follow from the existence of such approximating operators. Convergence (70)
follows from such an existence, Lemma 6, and the fact that, by assumption A5, tr Q/N < @ < oc.

In the rest of this section, we establish the existence of Ky r with the above described proper-

ties. Consider the stationary Ornstein-Uhlenbeck process x4(s), generated by stochastic differential
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equation
day(s) = —pze(s)ds + dW(s),

with the standard Wiener process W (s) and ¢ > 0. The initial observation z4(0) is drawn from the
unconditional distribution of z4(s). As is well known (e.g. Karatzas and Shreve (1998, p. 358)),
the covariance kernel of x4(s) is given by e~ ?lt=sl/ (2¢) . Tt is straightforward to verify that the

covariance kernel of the demeaned Ornstein-Uhlenbeck process equals
1 1 1 pl
kg (s,t) = ag(s,t)— / ag (s,t)ds —/ ag (s,t)dt +/ / ag (s,t)dsdt
0 0 0o Jo
= ag (s,t) = by(t) = by(s) + co,

where

as(s,t) = (e71—-1)/(20),
bp(t) = (2 —p—e?— e_¢(1_t)) / (2¢%), and
¢y = (7 =1+0-6"/2)/0"

The Taylor expansion of the numerators of ay (s,t), bs(t), by(s), and ¢4 at ¢ = 0 reveals that

as ¢ — 0, kg (s,t) converges to
ko (s,t) = —@—F/Ol@ds—i—/:@dt—/ol/olydsdt
= min{t,s} +s%/2 —s+1t2/2 —t+1/3,
which is the covariance kernel of the demeaned Wiener process. We have
ko (s,t) = ap (s,t) — bo(t) — bo(s) + co
with

(I()(S,t) = _|t_5’/25
bo(t) = —t?/2+1t/2—1/4, and ¢g = —1/6.
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Let

T2 ef(T2+1/T)¢ ef(T2+1f1/T)¢
e=®/T e~ 2¢/T e ¢
Ud) — 1 e_¢/T 6_¢(T_1)/T
0 1 .. e T-2/T
0 0 1

A direct derivation yields, for ¢ > 0,

1 1 1 1 1
7 (MUUM) . = = (UUs),, = 75 (UsUsl), = 7 (UsUl); + 75l UgUsl
e—Bli—il/T _ (=202 —(j+)/T

T (1 — e*2¢/T)
e?/T (1 — e_¢i/T) +1— e 9ebi/T — ¢20T% i/ (1 — e_¢)
T2 (1 — e=20/T) (ed/T — 1)
/T (1= e=#/T) 41 — e=9edi/T — =201 ¢=03/T (1 — ¢=9)
T2 (1— e 20/T) (e9/T — 1)
+26¢/T (7% —1) + T (2/T —1) — e~ 2T% (1 — ¢=9)?
T3 (1 — e=20/T) (/T —1)? '

For ¢ = 0, we have

. 2
% (MUUM),; = min{i/T,j/T}+ @ —i/T = (i/T) / (2T)
YOy Gy e 4 T ey er )/ 617)
gy p s WIS YT L GITY /T

2 2 4 2 2 4
— (/7)) (2T) - (j/T)/2T)+T(T+1) (2T +1)/ (6T3) —1/2.

For ¢ > 0, we have the following representation
1
7 (MURUM) = worrag (sis t) = woar (by(t5) + (i) + dor — g, (sis )

where s; = i/T,t; = j/T, ay and by are as defined above, whereas wg1 7, wga 1, dg 1, and eg 7 (54, t;)

are as follows. For ¢ > 0,

2¢ d B 2¢°
T(1— e 20/T) 0 ST T (=20 (0T — 1)

Wel,T =
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2e=/T (=0 — 1) + T (1 — e 2/T) = T2 (1 — ¢~9/T)"

do,r = ;
. T3 (1 — e=20/T) (1 — e=9/T)?
and
9 e Psi _ o9t P e~ O(tj+si)
es 1 (8i,t5) = T2 (1 _ e*2¢/T) 4 20T (m
(e“bs" + 6_¢tj) (1 — e‘¢) N (1 — e‘¢)2
T2 (1— e 20/T) (/T —1) T3 (1 — = 20/T) (e9/T — 1) )
For ¢ =0,
wol,r = wo2,r =1,
dor = (T+1)(2T+1)/(6T%) —1/2, and
eor (sistj) = (si+t;)/(2T).

For ¢ > 0, define

ko (1) = wer,rag (s,1) — wear (bs(t) + bg(s)) + dp.r — €1 (s, 1) -

Then

(MUésU‘f’M)z‘j /T = k(j),T (Si, tj) . (71)

Now, consider integrated kernels

kN,T (8, t) == /wk;(;s’T (8, t) di (w, (]5) and
kr(s,t) = /wk¢ (s,t)dF (w, d),

where Fy (w, ¢) is the empirical distribution function of the pairs (Q;;, ¢;), i = 1,..., N, and F (w, ¢)
is its weak limit as N — oo. By definition, kz (s,t) is the kernel of the operator Kr.

Let Ky be approximating operators, acting on z € C'[0, 1] as follows

(KN’TJ}) (S) = %ijl kN,T (S,tj)x(tj)

- 2 / Whor (s.17) 2(t;)dFx (0, ).

Identity (71) implies that the eigenvalues of IEf)/T2 are also eigenvalues of Ky 7. Moreover, if
x(t) is an eigenfunction of Ky 7, then (z (t1),...,x (t7))’ is an eigenvector of EX/T2. Vice versa, if
(21, ..., x7) is an eigenvector of BX/T?, then there exists « € C'[0, 1] with x (t;) = x; such that z is
an eigenfunction of Ky 7. In other words, the spectral properties of K 1 and EX /T? are essentially

the same, even though the first is an operator in C' [0, 1] while the second is a T'x T' matrix. Anselone
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(1967) traces the technique of approximating integral operator by matrices back to Fredholm, and
the idea of mapping matrices to operators with essentially same spectral properties to Nystrom.
It remains to prove that the principal eigenvalues and eigenfunctions of Ky 1 converge to
those of Kz. Our proof is based on the ideas of Anselone (1967). The key facts to establish
are: the pointwise convergence Ky — Kr and the collective compactness of the sequence of
operators {Knr1: N, T =1,2,...} (see Anselone (1967) and the discussion below for the definition
of collective compactness). After establishing these facts, we show how they imply the convergence

of the principal eigenvalues and eigenfunctions.

Pointwise convergence Let z be an arbitrary function from C'[0, 1] . In this subsection, we show
that || Ky 7o — K]:a:Hsup — 0 as N,T — oo. In other words, Ve > 0 INy, Ty s.t. VN > Ny and
T>To, |[Knrz — Krallg,,

Let ¢, > 0 and N2 > 0 be such that

< e. Without loss of generality, we assume that ||z||y,, < 1.

/ 1{6 > 6.} dF (2,9) < ¢/ (33) and / 1{6 > 6.} dFy (2,0) < ¢/ (215)

for all N > N, where 1{-} denotes the indicator function. For any € > 0, the displayed inequali-
ties can be satisfied by choosing ¢, sufficiently large because F (z, ¢) is a cumulative distribution
function of a proper probability distribution and Fy weakly converges to F as N — oo. In fact,
by A5, any ¢ from the supports of F (z,¢) and Fy (2, ¢) satisfies ¢ < ¢. In particular, we can set
¢, = ¢. However, in this subsection, we do not need to (and will not) assume the boundedness of
the supports of F (z,¢) and Fy (2, ¢) with respect to ¢.

Let fc (¢) be a continuously differentiable function of ¢ > 0, such that |f. (¢)| < 1, fe(¢) =1
for ¢ < ¢, and fc (¢) = 0 for ¢ > 2¢.. We split the difference Ky rx — Krx into three parts,
P+ P> + P;, where

1
P—— /0 / W (1= o () kg (5,1) o(t)AF (w, 6) i,

Py = %ijl /w (1= fe(9) kg (s, t5) x(t;)dF N (w, 9),

and P3 = Kyrx — Krx — Py — P» is the remainder. To analyze P and P, we need the following

lemma.

Lemma 7 Kernels kg (s,t) and k¢ (s,t) are bounded by absolute value uniformly in ¢ > 0. Specif-

1cally,
sup max _|kg (s,t)| <1 and supsup max _|ker (s,t)| < 7.
$>0 s,t€[0,1)? $>0T>1 s,t€[0,1)2
Proof: The uniform boundedness of |kg4 (s,t)| follows from that of |ay (s,t)] = —ag (s,t) and

the definitions bg(s) = fol ag (s,t)dt and ¢y = fol fol ag (s,t)dtds. The uniform boundedness of
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lag (s,t)| follows from the inequality e~ % > 1 — ¢. This inequality implies that the maximum of
lag (s,1)| over s,t € [0,1]? is no larger than 1/2. The uniform bound on |k (s, t)| equals 1 because
kg (s,t) < —bgy(s) —by(t) <1 and —ky (s,t) < —ag (s, t) —cy < 1.

To establish the uniform boundedness of |k47 (s,t)|, we will prove that |wgirae(s,t)],
lwea,1 (bp(t) + be(s))|, |de,r|, and |eg 1 (s,t)| are uniformly bounded. For ¢ > 0, we have

1 — o—9lt—s| 1— pllt=sl
’t = = Y
lworra (s, )] = = (I—ec2/T) ~ T(1-p)

where p = e=¢/T. This yields

1—pr

< e——<<
wer,rag (s,t)] < T =

Clearly, |wo1rag (s,t)] = |t —s|/2 < 1. Hence, |wgirae (s,t)] < 1 for all ¢ > 0 and all positive
integers 7.

Note that o/T

wo,rbo(t) =~ werrby(t)

for ¢ > 0 and woa 7bo(t) = wo1,7bo(t). Since wg1,7by(t) = fol We1 T (8,t)ds and |wg1 rag (s, 1) <1
for all ¢ > 0 and T, we have |wg1,7b4(t)| < 1. But L;;/TT_l‘ < 1. Therefore, |wg27bg(t)| < 1 for all
¢ >0 and T. Hence, |wg2,1 (by (s) + by (t))| < 2 for all ¢ >0 and T

Next, by definition, for ¢ > 0,

Qp(pT—1)+T(1—p2)—T2(1—p)2
T3 (1= p?) (1 - p)?

i

dgr =

where p = e~%/T_ This yields, after some algebra,

S T-NT -1

dom = —
ot T3 (1 +p)

Therefore, |dgr| < 1 for all ¢ > 0 and T. For ¢ = 0, dor = (I'+ 1) (2T + 1) / (6T%) — 1/2, and
hence, |dor| < 1/2 for all T. To summarize, |dy 7| < 1 for all ¢ >0 and 7.
Finally, for ¢ > 0, we have

¢

_ 2
o (8,1) = egrr (8,t) + e egor (s,t)
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with

2 — 95 — O
corr () = 73 (1 — e—20/T) and

e—®(+s) _ 1 (2 —e s _ €—¢t) e—¢/T (1 — 6_¢)

ega,r (5,t) = T (1 — e—2¢/T) + T2 (1 _ €—2¢/T) (1 — e—¢/T)

(T (1 —e=9/T) = (1= e=?) e=#/T)?
T3 (1— e 20/T) (1 - e—qs/T)?

For term ey 7 (s,t), we have

2_st_th 2(1_pT)
T?(1-p%) ~ T2(1-p?)

<

2
e¢17T (S, t) = T

For term eg 7 (s,t), we have, after some algebra,

1— pT(tJrS) N (2 _ st _ th) p (1 o pT)
T(1-p? T2 (1-p?)(1-p)

€p2,T (87 t)

On the other hand,

TA-/A T2~ Ta+p
(2_st_th)p(1_pT) 2p(1+ +pT 1) )
T2(1-p%)(1-p) T2 (1+p) -
and
S T-ns
<—<1
T3 (14 p) T

(74)

(75)

(78)

These bounds yield ego 7 (s,t) < 2 and —ego 7 (s,t) < 3. Combining this with the above bound for

es1,7 (5,t) yields eg 7 (s,t) < 3 and —ey 1 (s,t) < 3 so that

legr (5,1)] <3

for all ¢ > 0 and all T. For ¢ = 0, we obviously have |eg 7 (s,t)| = |s+t| /(2T) < 1. Summing up

the above results, we obtain

supsup max _|ke7 (s,t)| <1+2+14+3=70
$>0T>1 s,t€[0,1)2
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Lemma 7 implies that, for all N > Na,

1
P < /0 / w0 (1= o () Fig (5,£) (t) | AF (w0, 6)
/ G1{p> 6} dF (. ¢) < e/ (32) = /3. (79)

IN

Similarly, for all N > Na,

Bl 2 30 [l f @) har (s.t) ot A (w,0)
< / 1601 {6 > 6,} dFy (w, 6) < Toe/ (215) = ¢/3. (80)

To establish the pointwise convergence of Ky 1 to Kz, it remains to prove that |P3| < €/3 for all
sufficiently large 7" and N.

Consider the following decomposition
Py =y1(s) +y2(s) + ys(s),

where

1
yi(s) = /0 / wf. (&) ko (5,8) 2(D)d (Fi (0, 9) — F (0, 9))

1
yals) = /0 / W, (8) Uz (5,1) — kg (5,£)) o(£)dFn (w, 6)

and
() = 730, [ () ko (5.t a(t) A (. 0)
1
- / / wfe (6) ko (5,1) £(t)dFx (w, &) dt.
0

Note that fc (¢) ke (s,t), viewed as a function of s is Lipschitz with the Lipschitz constant that
depends on €, but not on ¢ and t. Therefore, function y;(s) is Lipschitz on s € [0,1] with the
Lipschitz constant that does not depend on N. Furthermore, for each fixed s € [0,1] it converges
to 0 as N — oo because Fy weakly converges to F and fol wfe(¢) kg (s,t) x(t)dt is a bounded
continuous function on (w,¢) € [0,w] x [0,00). Therefore, y;(s) converges to zero uniformly on
[0,1].

Next, the uniform convergence of ys(s) to zero would follow from the convergence

sup sup |fe () (kg (s:1) — ko1 (8,1))] — 0 (81)
>0 5 te[0,1]?
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as T'— oo. To see that (81) holds, consider the decomposition

(¢) (kg (s,1) — kg1 (5,1))
(¢) (1 —wg1,7) ag (8,) — fe (¢) (1 —wgar) (by(t) + by (s))
+fe (9) (cp — dy) + fe () epr (5,1) .

Je
= [
As follows from the proof of Lemma 7, |ay (s,t)| and |by(t) + bs(s)| are bounded uniformly in ¢ > 0.
On the other hand, 1 —wg1 7 — 0, 1 —wge,r — 0, and ¢y — dy 7 — 0 uniformly on ¢ € [0, 2¢,] (the
support of f¢). Hence, the first three terms on the right hand side of the above display converge to

zero uniformly in ¢, s, and ¢.

For the last term, we have

1 (@) o (5,6)] < legrr (5,0)| + |e 2T egar (s,1)]

< §+ 273 (Q_PTS—PTt)P(l—pT) B 1 — pl(st)
= T7TP T2(1—p2)(1—p) T — )

)

where p = e=?/T, ey 7 (s,t) and egor (s,t) are as defined in (72) and (73), and we used (72), (75)
and (78) for the last inequality. From (76) and (77), we see that the second term on the right hand

side of the latter inequality is no larger than 2p2T3. Therefore,
3 273 3 —2T
|fe (@) epr (5,1)] ST 2T S5t 2e

for p € [O, 1— 1/T2] . On the other hand,

(2 _ st _ th) p (1 _ pT) B 1— pT(s+t)
T2 (1-p%)(1-0p) T(1-p?
=T (1= (2 = pTs = p't) ZjT:O (T —3)p
- T(1-p?) T2(1+ p)

1-p0) 2(1=p7

Therefore, for p € (1 —1/T2,1],
3 2T3 5
[fe(@)epr (s,0)| < 5 +2T (1= p)p™ < 7.

Hence, |fe (¢) ey (s,t)| — 0 uniformly over s,t € [0, 112 and ¢ > 0.
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Turning to the analysis of y3(s), let us define bounded linear functionals

! 1
Y = /0 z (t)dt and Yz = T ijlx(j/T)

similar to Anselone (1967, p.9). Functionals ¥ converge to 1 uniformly on totally bounded subsets
of C'[0,1]. We have

ys(s) = / @ (6 — br) gs) ATy (@, ),

where
gsqb(t) = fe (¢) k¢7T (Sa t) w(t)

The family of functions {gs4(t) : s € [0,1],¢ > 0} is bounded and equicontinuous. Hence, by
Arzela-Ascoli lemma, this family forms a totally bounded set in C'[0,1]. Therefore, (1) — ¥7) gse
converges to zero uniformly over (s,¢) € [0,1] X [0,00). This yields the uniform convergence of
y3(s) to zero.

To summarize, functions 1, y2,ys converge to zero as N, T — oo. Hence, there exists N3, Ty
such that for all N > N3 and T > Tp, | P3lly,, < €/3. Combining this with (79) and (80), and
setting No = max {Nz, N3}, we see that, for all N > No and T' > To, [|[Krnz — Krz|g,, <€
which finishes the proof of the pointwise convergence K7 n — Kr.

Collective compactness The set of operators { Ky : N,T = 1,2, ...} is called collectively com-
pact if the subset {KMT:B TN T =1,2, [zl g < 1} of C'[0,1] is totally bounded. Recall that a
set S is totally bounded if and only if for any € > 0, there exists a finite set {x1, ..., 2z, }, such that
for any x € S, minj<j<m ||z — 2] <e.

We have Ky rx = K](\})Tx + P5, where

1 I T
(60pa) ()= 7 301, [[hel@) ko (5.6 (6007 0,9,
with fe (¢) and P defined in the previous sub-section. As we have seen above, |[P2l|g,, < €/3.
Therefore, to establish the collective compactness of Ky 7, it is sufficient to show that Ve, the set
{K](\})Ta: tN,T =1,2, ., [|]gy, < 1} is totally bounded. But such total boundedness follows from

the Arzela-Ascoli lemma and the fact that functions gy ((s) = fe (¢) kg, (s,t) 2(t) are bounded and
equicontinuous for ¢ > 0 and ¢t € [0,1].

Convergence of the principal eigenvalues and eigenfunctions Recall that we denote the
eigenvalues of Kr as (g, 49, ... and corresponding eigenfucntions as ¢q, s, .... By assumption A5,
these eigenvalues are simple so that p; > py > ... Denote the eigenvalues of Ky as py yp >

po N7 = - and corresponding eigenfunctions as ¢ N7, P2 N7, -+ Let us show that, for any fixed k,

PNt — M and @ yp — @y, the latter convergence being in C'[0, 1] A

!The eigenfunctions are defined up to sign, and we assume that it is chosen so that [ ©r nr(8)Px(s)ds > 0.
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Take k = 1. Since p; yp, N,T = 1,2,3,... forms a bounded sequence, there exists a converging
sub-sequence /iy .7, — mi1. By Lemmas 2.5 and 2.6 of Anselone (1967), 1N, — Y1 and my, Y
is an eigenvalue-eigefunction pair for Kr. On the other hand, it must be the case that m; = p;.
Indeed, if my < pq, then by Theorem 2.2 of Anselone (1967), 11; must belong to the resolvent set of
Kz, which is not true. Hence, any convergent sub-sequence of y; yp, N,T =1,2,3, ... converges to
w1 and the sub-sequence of corresponding eigenfunctions converges to ;. Therefore, py np — g

and ¢ nyp — 1. Similar convergences for any positive integer £ follow by mathematical induction.

3.2.5 Proof of Lemma 6

First, let us prove the following lemma. Let w be the T' x T' orthogonal matrix with ¢-th column

wy, where wy are as defined in Lemma 1. Namely, for ¢ < T, w; is a vector with s-th coordinate

wys = —/2/T cos ((s — 1/2) wt/T) , while wy = 1/+/T. Here [ is the T-dimensional vector of ones.
Let Uy be a T (T2 + 1) x T" matrix such that

T T 0 .0

/ e—(T*+1/T) ,—2¢/T e~ /T 1 .. 0
U(z):

e~ (T2 +1-1/T) =¢  —o(1-1/T) —¢(1-2/T) 1

Lemma 8 For any ¢ > 0,
W/MU(;)U¢MW = D¢ - A¢,

where Dy is a diagonal matriz with t-th diagonal element equal to |1 — exp {(int — ¢) JTY 2 if

t <T and zero if t =T; and Ay is a positive semi-definite matriz of rank two with t, s-th entry

A¢ ts — zei(ﬁ/T (1 _ efgf)/T) COs (ﬂ-t/QT) COS (7TS/2T)
| g ‘6(_¢+im)/T - 1‘2 ‘e(—¢+i7r8)/T — 1‘2

x (1 + o ¥Te 20T (1- 10'e?) (1= (1) e ®) + (-1 1o ) .

1+ e 9/T

Proof: Let us partition Uy into the upper T3 x T submatrix U(gl) and the lower T" X T matrix
Uf). We have
Uqgl) = <e_¢T2, e e_2¢/T, e_¢/T>/ v'l,

where v; is the T-dimensional vector with ¢-th coordinate v1; = e~ t=1)/T Obviously,

wMUYUY Mw = 0 for ¢ = 0. (82)
For ¢ > 0,
1— —2¢T72
W/MUS),UQ(SI)MW — ﬁxlx/b (83)
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where 1 = w/ Muv;.
Next, note that

1 —e T 0
()" - 1
¢ _e—9/T
0 1
and therefore,
14+e20/T  _e=9/T 0 0
—e T 14 20/T _e=¢/T 0
@@\t
(7v) =
0 : 14 e 20/T _o=0/T
0 0 —e= /T 1

It is straightforward to verify that wy, t = 1,...,T are eigenvectors of
-1
(Uf)’Uf)) — e Terel — 9IT (1 _ e—¢/T> erely — 14_oll'/T

with corresponding eigenvalues equal to d(;tl = |1 —exp{(—¢+int) /T}? for t < T and d;% =
|1 —exp{—o¢/T}? - 14—0. Here e; denotes the t-th column of the T-dimensional identity matrix,
and 14— is the indicator of the event ¢ = 0.

Let Dy, = diag {dg1,...,ds 7} . Then

1 -1 B
<(U(;2)IU(§)2)> — e Tepe) —e /T (1 — e*¢>/T> erep — 1¢:Oll'/T> =wDyw
Applying the Sherman-Morrison formula for the inverse of a low rank perturbation of an invertible

matrix to the left hand side of the above equality yields, for ¢ > 0,

—¢/T —2¢
Aol — 772 7r(2) € ! ¢ !
WD¢W = U¢ @ + 1— 67(;1)/7—, U]_Ul + (1 _ €—2¢/T) (1 — 6_2¢) U2U27 (84)

where v7 is as defined above, and vy is the T-dimensional vector with ¢-th coordinate
vy = /21T | o=¢/2T o=¢(t=1)/T
Similarly, for ¢ = 0, the Sherman-Morrison formula yields
wDsw' =UP'US + 14+ B, (85)

where A and B are some matrices, exact form of which is of no consequence to what follows.
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Mutiplying both sides of equation (84) by w'M from left and by Mw from right and rearranging,

we obtain
-¢/T
2 2 = e
W/MU(; )/U(é )MW = W/MWD¢W/MW — m$1$/1
e 20
- xgx’z,

(1—e20/T) (1 — e=29)
where x9 = W' Mve. Summing up with (83) yields

¢~ 26(T21/T) | ~6/T

=Ty 717 (86)

w'MU(;Ud,MW = W/MWD¢WIMW—
e 20

/
_ (1 — 672¢/T) (1 — 672¢) $2$2

for ¢ > 0.
Note that wMw = It — eTe’T, where er denotes the last column of the T-dimensional identity
matrix, so that w’ M WD¢W/ Mw = Dg. Further, a direct calculation shows that the ¢-th coordinates

of 1 and x5 equal

2 (1—e 7)) (1 - (-1)"e"?) cos (nt/2T)

ne = T\ ’e(—<z>+i7rt)/T _ 1’2 ’
2 (1- e‘WT) (1) (e? —e™?) e=9/2T cos (mt/2T)
T2y = — T . 2 :
|e( p+int) /T _ 1|

For ¢ > 0, the lemma now follows from (86) by verifying that

~20(THH1/T) | o=¢/T . o2
1—e20/T T (2 om20/T) (1 - e29)

$2$’2 = A(;s.

For ¢ = 0, mutiplying both sides of equation (85) by w'M from left and by Mw from right and
rearranging, we obtain w’M Uf)/Uf)M w = w MwDyw'Mw. Summing this up with (82) yields

w' MUUsMw = w' MwDgw'Mw = Dy,

This establishes the lemma for ¢ = 0 because, as is easy to see, Ay, =0 for ¢ = 0. [

Let us now turn to the proof of Lemma 6. By definition of EY and Lemma 8,

T N 1 N T
Zj:J+1 Mj < N Zi:l Zj:]+1 Dqﬁi,ijii‘
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On the other hand,

T T—1 . _
>y Do = Do, M- e {(=e; +imj) /T
0o 2

D D

j=J+1 ¢12 + 7242

o0 T2 9
< ijmﬂ—jﬁo(:r)
T2 o T?
< m—%—O(T)S@

for all sufficiently large T, uniformly over ¢; > 0. Therefore,

T T? N 1 T2
0. < — Q= ——tr Q.
ZJ':JH Hi="N Ez’zl QJQ” 9JN tr sy

The lemma’s second inequality is a straightforward consequence of the convergence fiy, /T? — p, > 0

and the fact that, as implied by A5, tr Q/N is converging to a positive value as N — oo.

3.3 Demeaned and standardized data
3.3.1 Proof of Theorem OW4

First, we prove the theorem for £k = 1, and then establish it for general k£ using mathematical

induction. For the demeaned and standardized case, FY is defined as a normalized eigenvector of
S = MX'D7'XM/N,

corresponding to its largest eigenvalue Ai. Here D = diag {XMX'/T} and M is the projector on
the space orthogonal to the T-dimensional vector of ones.
In contrast to the proof of Theorem OW1, we will not approximate )y by 3, where the latter

matrix is derived from the Beveridge-Nelson decomposition
XM =V(1)eUM + ¥* (L)eM.

In fact, we will not be using the BN decomposition at all. There are two reasons for this. First,
Lemma 4 cannot be applied to the standardized version of W* (L)eM, that is, D~Y2W* (L)eM.
Second, even if we manage to reduce the analysis of D~Y/2X M to that of D~1/2W(1)eUM, our
method of handling ¥(1)eUM would not extend to D~Y/2W(1)eUM, because D and ¢ are not
independent. To summarize, we are not going to use the BN decomposition, and will work directly
with the demeaned and standardized data D~'/2XM = D~'/2eUM, where e = [ey, ..., er] with
er =W (L)ey.

Recall that by Lemma 1, UM = Zqul quqw;. Consider a representation of Fy in the basis
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Wi, ..., WT
T-1
F = Z QqWq (87)
qg=1

Vector I} is orthogonal to wr, hence summation runs up to ¢ = 7' — 1. Representation (87) yields

T-1

T—1
= Z e Sw, = Z k0O ko e D ev, /N, (88)
k,q=1 k,q=1

>
=

It is convenient to represent \; in the form A\; = A’A, where

1
A= Z arpop D™ 1/2 evg + —— Z apop D™ 1/2 evp, = A1 + Ag
\/_ k=K+1

with K being a fixed positive integer. Let e;. denote the j-th row of e. Then, we have the following

explicit expressions for ||A;||* and || Az|/*.

N 5
||A1||2 = T E ozkoqu g Jkgq ej V) (¢4:0q) and (89)
2 2
k,q=1 E 1 Ut (ej.vt)

T-1 2
g ALOLELV
h=F+1  RORCTTk
2 2
o? (e;v
Et_l i (¢j.vr)

N
4ol = %Z (90)

Let

T-1 9
M 1q = 0104 (ej.v1) (€5.v9) /thl o (ejur)”.

Then
|A1H Tkz1akan Z] 1 M kg,
q=

and by A2b, M ;, are independent for different j = 1,..., N. Moreover, since

2.0 0 . 2,0 1 .
O V€;.€5.Vk -+ 04Vq€;.€5-Vq

‘Jkaqvfce;,ej.vq} < 5 )

N
we have |Mj,| < 1/2. Therefore, the variance of % Z . M; q is no larger than 1/(4N), and
]:

N
thus, the asymptotic behavior of || A1 ||? is, to a large extent, determined by that of + Z . EM; 1q
j:
Consider the finite Fourier transform of e;. (e.g. Brillinger (2001, ch. 3.1))

d(w) = Zthl ejrexp{—i(t — 1)w},w € [0, 27].

Let us denote d (w,/2) as d, and d (—w,/2) as d_,, where w, = 27r/T. By definition (see Lemma
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1), the t-th entry of v, for r = 1,...,7 — 1 equals
ort = /2/T (exp{i(t — 1) @, /2} —exp{—i(t — 1) @,/2}) / (2i).

Therefore,
ejvr =+/2/T (d—, — d,) [ (2i). (91)

Theorem 13, ch.4 of Hannan (1970) (one of the assumptions of this theorem requires that the
spectral density of e;. at zero is positive, which is ensured by A2b), identity (91), and the definition
of o; imply that, for any fixed j, k, and ¢, as T — oo, M; i, 4, Mg, where

Mg = (k)" ming/ D~ (&) ni.

and {n;}7~, is a sequence of i.i.d. N(0,1) random variables. Since M;j, is bounded, the conver-

gence in disitribution implies the convergence of the moments of Mj .. In particular, as T' — oo
EMj,kq = Equ + Oj(l). (92)

To proceed further, we need to establish the uniformity of 0;(1) in j =1, ..., N.
In preparation for the proof of the uniformity, we establish some bounds on the spectral density

of the series ej;, t € Z at frequency w,

£ (@) = — S (W) exp {ike) ‘. (93)

k=0

By assumption A2b, for all j,
max |f; (@)| < B/ (2r). (94)

Furthermore, differentiating both sides of (93) with respect to w, we obtain

1
o7

Ji (@) = 52D ik =) (W) 5 () exp {ikeo — ireo).
Since |k —r| < (k+1) (r+ 1), we conclude, using A2b, that for all 7,
max| £} ()| < B/ (2n). (95)
Finally, A2b also implies that, for all 7,
£ (0) = b?/ (27). (96)

We will need the following two lemmas. Their proofs can be found in Sections 3.3.2 and 3.3.3.

Lemma 9 Under the assumptions of Theorem OW/, there exists an absolute constant C' such that,

forany j=1,...,N and any q,r,p,l =1,...,T — 1, we have
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< CB?/T, where 64 is the Kronecker delta and w, = 27q/T;

(i) ‘E (v;e;-,ej.vr> — 270 f; (wq/2) dgr
(i1) ‘Cov (v;e;-,ej.vr,v;)e;,ej.vlﬂ < C(0gpdys + 6q10rp + (1 + 224) /T) B*, where sy is as defined in

Lemma 10 Let X be an R-dimensional vector with the k-th coordinate ej.vy and let Y be an R-
dimensional vector with i.i.d. normal coordinates with mean zero and variance 2 f; (0). Further, let
g: R = R be a thrice continuously differentiable function with all derivatives up to and including
the third order are bounded by absolute value by a constant M. Then, under assumptions Al and
A2b, we have, for all sufficiently large T,

[Eg (X) By (Y)| < MyC/VT
where C depends only on R, B, and sy, with 4 and B as defined in A1 and A2b.

Now we are ready to prove the uniformity of 0;(1) in (92). By definition,

0104 XXy

R )
Z a%th +7Z

t=1

Mj kg =

-1 R _
where Z = Zt—R—H J%UZeg,ej.vt. For max{k, ¢} < R, denote 04,0,X,X,/ Zt_l 07X2 as M kq-

Consider the event £ = {X% <d } and let 1¢ and 1gc be the indicators of this event and of its
complement, respectively. Since |M; x| < 1/2 and }Mj’kq’ < 1/2, we have

E HMjakq — Mj’kq{ X 15] <ps =Pr(€).

By setting function g in Lemma 10 so that it approximates 1¢, we see that ps can be made arbitrarily

small for all sufficiently large T" unifomly in j by choosing ¢ sufficiently small. On the other hand,

|Mj7kq| Z1gc < EZ
R — 2°
Zt_l U%X% 2(501

B[ M40 — M| % 1e:] = B

By Lemma 9 (i) and by (94),
=1 4 2 % 2
EZ < Zt:RH o} (B+CB?/T) < Co3/R
for some absolute constant C, where the latter inequality follows from the definition of o?. Therefore,

E [|M)rq — Mjpq| x 1ec] < C/(20R),
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and

B[ Mg — Mjrg| = B[|Mjrg— Mjng| x 1] + B [|Mjrg — Mjrq| X Lee]
ps +C/ (20R),

N

which can be made arbitrarily small for all sufficiently large 7" uniformly in j by choosing sufficiently
small § and sufficiently large R.

Further, let My, = kOGN Zil o?n?. By choosing R sufficiently large, we can make
E {qu - qu’ arbitrarily small for all sufficiently large T

Now consider EMj7kq — E./\;lkq. To bound this expression uniformly in j, we would like to use
Lemma 10 again. Unfortunately, Mj7kq does not have bounded derivatives as a function of X =
(X1,...,Xg)". The derivatives are unbounded in a neighborhood of X = 0.

To overcome this difficulty, let us introduce 7 : [0,00) — R, a thrice continuously differential

function such that

T(2) = =z for z >4,
T(z) > §/2for z >0,

and the first three derivatives of 7(z) bounded for z € [0,d]. Further, let

~ OO XX
Mj kg = —F =9(X).

oI (X)) + Y X

Similarly, let My, = g (1), where = (11, ...,nz) . Note that the derivatives d7g(z) for r = 1,2,3
are bounded, with a bound that depends only 4, but not on R.
We have

Mjrg = Mj,kqlf + Mj,kqlﬁc = Mj,kqlg + Mjﬁkqlﬁc
= (Mj,kq - Mjktz) 1e + Mj,qu‘
Therefore
‘EMj,kq - EMj,kq‘ = ‘E [(Mj,kq - Mj,kq) 18} ) < ps,
so that EMj,kq — EMqu‘ can be made arbitrarily small, uniformly over j, by choosing sufficiently

small §. By similar arguments, we can show that ‘E./\;lkq — E./\;lkq‘ can be made arbitrarily small

EMj7kq — Equ can be made arbitrarily small uniformly

by choosing sufficiently small §. Finally,
over j for all sufficiently large T' by Lemma 10. Summing up the above arguments, we conclude

that 0;(1) in (92) is uniform in j.
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By (92) and Chebyshev’s inequality,

1 N _
5 2oy Mg = BMig +0(1) + Op (v1r2).
Furthermore, by a conditioning argument, it is easy to show that [EMj, = 0 for k£ # ¢q. Now recall
2 < I N
[A1]]" = Tkzl g ijl Mj kq-
7q:

Therefore, we have

K

1

=141 = 3~ afEMue + o(1) + Op (N*1/2> .
k=1

For A3, the Cauchy-Schwarz inequality and the identity Z a? =1 yield

T—1 2
QRO LE;V
Zk:[ﬂ-l kOkC5-Vk
T—1
2,0 1
E ozviel esv
11 CtUtCgCI
T—1
N E o2 (e;.v)?
k=K1 k(] kr)
1

K 2) 1
_ ) a; NT -
Zz:l N ; ijl o'% (ej.Ut)Q

1 N
lal? /T = <>
j=1

IA
/N
—

Note that

where d g can be made arbitrarily small by choosing sufficiently large K, and o(1) is uniform in j,

but may depend on K. Therefore,
2 K 9 ~1/2
40f? /7 < (1= 30 ) (5 + of0) + 0p (N12)).
For 5\1, we have
M= [AIP < AP + 21| Aa]| [ A2l] + ([ A2

This inequality and the above bounds on ||A;||> /T and ||As||? /T yield

K
M/T <Y 0 EMyy + Ak +op (1),
k=1
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where Ag can be made arbitrarily small by choosing sufficiently large K, and the convergence of
op (1) to 0 as T — oo may depend on the choice of K. This implies that
T—1
M/T < Z OtiEMkk +op(1).
k=1

It is easy to see that BMg, > EMy, for a < b. Indeed, consider functions Hq, Hj, : [0, 00)> — R

2

TNy
Ha(xvy) = y
) 2 2
> o o B+ g+ ymy

2

n

}%(ﬁ,y) = b

—2
Doty O ] -y}

Functions H, and H;, are increasing in x and decreasing in y and this monotonicity is strict (unless
n2 =0or 77% = 0, which is a zero probability event). Therefore, with probability one, for a < b, we

have

-2 —2 —2 —2
EMe = EHo(a 2b72) > EH, (a o7 a b >and

2 ’ 2
—2 b—2 -2 b—2
EMy, = E’Hb(bﬁ,a*?) < EH, <a ;_ ,a ;_ > .

On the other hand,

2 -2 2, 12 2 -2 2, ;-2
EHa<a +b7% a*+b )ZEHb<a +b7% a*+0b )

2 ’ 2

Therefore, EMy, > EMpy. This implies that

T—1
azEMkk < a%EMu + (1 — a%) EMa2
k=1
and thus,
M/T < a3EMiq + (1 — af) EMaz +op (1). (97)

On the other hand, A1 must be no smaller than v] f)vl, which yields
A1 /T > BEMiy + op(1). (98)

Thus,
(1 — Oz%) EMi; < (1 — a%) EMasg 4 op(1),
which only holds if
a2 51 (99)
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This yields statement (i) of the theorem.
To establish statement (ii), note that (97) and (98) imply

A/T — EMH( < |1 = 2| (BM11 + BMas) + op(1).
Combining this with (99), we conclude that
A /T =EMi; + op(1).

This yields (ii) because EM1; = v (the latter being defined in the statement of Theorem OW4).
Further,
trY = tr (MX'D'XM/N) =tr (D' XMX'/N).

But, by definition, D = diag { XM X'/T} . Therefore, tr 3 = T and
5\1/T = 5\1/’61‘2,

which yields statement (iii) of the theorem.
For £k = m > 1, the theorem follows by mathematical induction. Indeed, suppose it holds for

T-1

k < m. Consider a representation F,, = Z aqwy. Since Fr’nﬁ’j = 0 for all j < m, and since

‘ﬁ’j(wj‘ = 1+ op (1) by the induction hypothesis, we must have a; = op (1) for all j < m. In
particular,

e T-1

FLSFn =) agoy040.0he' D evy /N + op (T) .

q,r=m

In addition to this equality, we must have

-1

3

\i+ Bl SEy > Y wMU'e D™ eUMuw;i/N =T EM;; +op (T).
=1

=1 i=1

Combining the above two displays, and using the induction hypothesis, this time regarding the
validity of the identities N = TEM,; + op (T') for all i < m, we obtain

T-1
Z quozf,«aqarv;e'D_levr/N > TEM pm +op (T'). (100)

q,r=m

Statements (i), (ii), and (iii) for £ = m now follow by arguments that are very similar to those used
above for the case k = 1.
That is, we represent the sum on the left hand side of (100) in the form A’A, where A =
T-1
\/—lﬁ Zk:l ayorDY2ev),. Then proceed along the lines of the above proof to obtain an upper

bound on A’A, similar to the right hand side of (97). Then, combining this upper bound with the

2

. L) Finally, we proceed to establishing parts (ii)

lower bound (100), we prove the convergence «

and (iii) using part (i). We omit further details to save space.
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3.3.2 Proof of Lemma 9

Identity (91) yields
E (vp€ ejvp) = —E[(d—g — dg) (d—r — dy)] / (2T),

and

1
Cov (v € ej.vr,v,,€).e5.01) = mC’ov ((d—g —dg)(d—y —dy),(d—p — dp) (d_; — d})) .

To evaluate the latter expectation and covariance, we use Theorem 4.3.2 of Brillinger (2001)
(B01), which describes joint cumulants of finite Fourier transforms. First, we need to represent the
expectation and covariance in terms of the joint cumulants. By their definition, and by Theorem
2.3.1 (B01, p.19),

E (vge).ejv,) = s152 cum (dg, g, dsyr) - (101)

1
_ﬁ 281,826{—174‘1}

Similarly, Cov (v;e;-,ej.w,v}’,e},ej.vo equals

1
— E 81598384 cum (dg, ¢dsor, dsapds,1) -
4T2 51,52,83,50€{—1,+1} 1929394 ( s1qWsary Usap 54l)

By Theorem 2.3.2 of B01, the joint cumulant of the two products of d, as in the latter display,
can be represented in the form of a sum of the products of the cumulants of order two and the

fourth-order cumulant. Precisely, we have

/3 3 o
Cov (v €;.€5.Up, U ej_ejlvl) =

4 p 51525354

1
m 281782783,846{*1#1}
x {cum (ds, 4, dssp) cum (dsyr, ds,1) + cum (dg, ¢, ds,1) cum (dsyr, dsyp) (102)

+ cum (d81Qa dS2T7 d83p7 d34l)} :

Lemma 11 Under assumptions of Theorem OWJ, there exists an absolute constant C' such that,

for any q,r,p,l =1,....,T — 1, and any s1, s2,S3,54 € {—1,+1},
lcum (ds, ¢, dsyr) — 27 Hs, g.50r f (94/2)] < CB?, (103)
T-1 .
where Hg, g sor = Zt—o e it(s1wgtsawr)/2 g d

lcum (d81Q7 dsy“a d33pa d54l) - (27[-)3 H51q752r753p754lfj4 < C%4B4a (104)

=1 —it(s109q+s2wr+83p+5401)/2 :
where Hg, g sor.ssp,sal = E o © 1D TS TSDpTSATN/Z and fia is the 4-th order cumulant spec-

trum of the series ej, t € Z at frequencies s1wq/2, syw, /2, s3wy/2.
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Proof: The proof of Theorem 4.3.2 in BO1 implies that the left hand side of (103) can be bounded
by C Z (1+k)|Tj (k)|, where C is an absolute constant and

Fj (/{7) = Eejsej’s,k = Z Gjtéj,t,k.

t=—00

Here 0;; = (\Ilt)jj for t > 0 and 0;; = 0 for ¢ < 0. On the other hand,

00 00 0o

DA+ R <D (A+k) Y 106100+l (105)
k=0 k=0 t=—00

S Wl kD Bl 00l 0 DT (L ) 105el 18504 < 2%,
k=0t=—00 k=0t=—0oc0

where the last inequality follows from assumption A2b. This yields (103).
Similarly, from the proof of Theorem 4.3.2 in B01, we know that the left hand side of (104) can
be bounded by
Czkl,kg,kgz—oo (1 + [k | + |ka| + |ks|) |cja (K1, ka, Ks)| (106)

where C' is an absolute constant and cj4 (k1, k2, k3) is the joint 4-th order cumulant of ejs, €; s,
€j.s—ky, and €; s, By Theorem 2.3.1 (i,iii) of B01, this cumulant equals
o
Ztl b s ta=—o00 0;,t1—k10j,ta—k2 0 t5—ks 0j,ts CUML (11, €j,—t55 €j—t5 Ej,—ta)
&0 4
= Zt:_oo 0jt—k10jt—k:05 115051 (B _y — 3)
o
SO S o e
where the last line follows from Al. By an argument similar to (105), expression (106) can be

bounded by Cs¢B*, where C is an absolute constant. This yields (104). O
Returning to the proof of Lemma 9, consider (101). Inequality (103) implies that

1 _ 2K B
B (e civr) + 37 251,526{—1,+1} s152Hi g0 27 fj (@4 /2)| < —5— (107)
Further, for g = r,
= =1 —it(s1+s2)mq/T _
2817326{71#1} 5152Hy, g 50r = 231,826{—1,+1} 8152 tho e = —2T. (108)
For g # r and such that s;q + sor is even for all s1, 89 € {—1,+1},
_ T-1 —it(s1g+sor)m/T __
231’826{71#1} s182Hs, g 500 = 231,326{—1,+1} 5152 Zt:e e =0. (109)

Here, the latter equality holds because s1q+ sar is an even nonzero integer, such that |s1q + sor| <
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2T (recall that 1 < ¢,7 < T —1). For g # r and such that s;q+ sar is odd for all s1,s9 € {—1,+1},

we have

ZT* —it(s1g+sor)m/T _ —2
t=0 e—i(s1q+s2m)m/T _ 1"

Nevertheless, g s182H,, g.sor still equals zero because

81,826{—1,4-1}

-2 -2 2 2

o—i(gtmm/T _ | + ellgrr /T _ 1 + o—ilg—mm/T _ | + ollerm/T _1 2-2.

Therefore, (109) still holds. Using identities (108) and (109) in (107), we obtain statement (i) of
Lemma 9.

Next, consider (102). By (103) and (104), the difference between

TN 2
(T) 251,32,53,346{71,+1} 51528354 {27TH51q,82r,53p,S4lfj4
+ (H81q753pH82r,84l + H81q,54lH82r,83p) i (q/2) fi (wr/2)}

and Cov (U,’le;,ejlvr, Ul’,eg‘ej.vl) is no larger by absolute value than

1
m Zsl 52,83,84€{—1,+1} {O%4B4 * 20234 * 27TCB2 (|H31q,33pfj (wq/2)|

+ |H52r,54lfj (wr/2)| + |H81q,54lfj (wq/2)| + |H82T783pfj (@r/2))},

which, in its turn, is bounded from above by C (1 + s¢4) B*/T, where C is an absolute constant (we
remind the reader that throughout the paper, the value of the absolute constant C' may change from
one appearance to another). Indeed, such a bound follows from (94) and the fact that |Hg | < T.

Further, from the above analysis of E (v;eg,ej.vr> ,

2
E S$1898384 (H H + H H =4T* (8,01 + 05107p) -
51,82,83,50€{—1,41} 15253 4( 51q,53ptLsar,syl 51q,541 SQT,Sgp) ( qpPrl ql Tp)

Therefore, from (94),
'231,32,s3,34e{—1,+1} 51525354 (Heyg,s5pHoor s + Hig,s00Hsor,ssp) £ (704/2) f5 (@1 /2)

is no larger than 472B* (§,,0,1 + 040,p) / (27)? . Next, by Theorem 2.8.1 of BO1,

Eed, — 3
fia (11, pos p13) = O (1) © (12) © (13) © (—pg — pig — p13) (;T)ga
where O (u) = ZZOZO Ore~*# and since |Hypcal < T,
TB
‘281732753754€{17+1} Sl5253S427THSlq’82T7S3p784lfj4 S (27[-)2 ‘
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Overall, we conclude that ‘Cov (Uge;,ej.w, v;e;-,ej.vl> is no larger than

<£>2 <TB4%4 AT2B4 (54p0r1 + 6q16rp)> L C+r4) B
) \ (@2n)? (27)? T

which yields statement (ii) of Lemma 9.

3.3.3 Proof of Lemma 10

Our proof is based on the following theorem, established in Chatterjee (2006).

Theorem 12 (Chatterjee, 2006) Suppose x and y are random vectors in R™ with y having inde-

pendent components. For 1 <i <m, let

R, : =E|E(x;|z1,...,xi—1) — E(yi)],
B+ ~BJB (Hlorszit) ~BGA).

Let M3 be a bound on max; <E\xz|3 —i—E]yz-]s)

differentiable function, and for r = 1,2,3, let L,(h) be a finite constant such that |0} h(z)| < L, (h)

for each i and z, where 0] denotes the r-fold derivative in the i-th coordinate. Then

. Suppose h : R™ — R is a thrice continuously

() - B )] < 37 (R + §BiLa()) + gmEa(m)it

Let us denote (¥y) jj s 0k, as in the previous section. With this notation, we have

_E 0
€jt = k€t —k-
Jt ko JkCIt—k

Let
Ej,T+1—i for i = 1, ceey 2T

T; — oo .
{ Zk:QT—}—l—z‘ 9j,k+2T5j,T+1—i—k: for: =2T+1,...,3T

and m = 3T. Then, for t =1,...,7, we have

T+t-1
ejt = E o OikThrr—t41 + 237141

so that the R-dimensional vector X with the k-th coordinate e;.v;, can be thought of as a function
X(z) : R™ — R, Further, let

[ iid. N(0,1)  fori=1,..,2T
vi= 0 fori=2T+1,..,3T
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Since x;,i = 1,..., 2T, are independent, we have

For ¢ > 2T, we have

and

IN

B; =E [E (x? 21, ., xim1)] =B (m2) :

On the other hand, for ¢ > 2T,

Ri=B;=0fori=1,..,27T.

B ‘E (xz ‘1‘1, "-7531‘71)’
(B [B (27 |21, ---,wH)])m — [B (x2)}1/2

)

o0
E (2?) = Z 62 .
G k=2T+1—; Jk+2T

(110)

By assumption A2b, ZZO_O (1+k) |0,k < B. Therefore, |0;,] < B/ (1+ k) and, for 2T < i < 37T,

E (3:2

Hence,

B %
) < Oipsor| < — <2
DS T 2 < (4T +1—1q)° ~ T?

B2 B2

|R;| < B/T and |B;| < B*/T? for i = 2T +1,...,3T.

Further, for i =1, ..., 27T,

E|zi)* + B |y

3/4
= E|5j,T+1—i|3+2\/2/77 < <E|5j,T+1—i|4> +2

< Ga+3)%t42< sy +5.

Here the second to the last inequality follows from Al. For 21" < i < 3T, we have

E |z + E|y,[?

for all sufficiently large 7.

VAN

IN

IN

El|z;]? =E § > 0 ’
A . . ‘
|4 ‘ hopy1q DIk 2TE ST+ 1=~k

- A\ 3/4
<E <Zk:2T+1_i 9j,k+2T5j,T+1fifk> >
00 2 00 3/4
(Z 0 k+2T> + Z 0 kot
k=2T+1—i o k=2T+1—i 7

(14 50)>* B3/T? < (14 504) B} /T? < 54 + 5
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Next, let h(z) = g (X (x)). We have
th()] <3 [otg (X)] 01X, (@)] < M, Y |9IK, (a

On the other hand,

k=0

T .
= ZS =T+1— vtsej i+s—T-1 for ¢ = 1, ceny 2T ‘
Ut,3T+1—i fori=2T+1,...,3T

T T+s—-1
0iXe(x) = 8 (eju) =) vsd; <Z ejk:cHT_sngTSH)

Since |vis| < 4/2/T and ZZO_O (1+k)|0;x] < B, we have
10/ Xy ()] < (B+1)y/2/T.

Here, we use B+ 1 instead of B to take into account a possibility that B < 1. Combining the latter

display with the above inequality for lazlh(x) , we obtain
|0}h(z)| < M,Cy/TY?, (113)

where C; = V2R (B +1).

Further,
@] < 30 1R, (001X ()] 0K, (@)
+Zt1\atg )| 07Xy ()|
. Zi,w:l} 2, g(X)| 01X, ()] [0} X, ()]
< MY 01K @) [0 X (@)
so that

|02h(z)| < MyCo/T, (114)
where Cy = C%. Similarly,
R
@) < T (s (O] 01X, @] 01K, )] 01K, (2

so that
|02h(x)| < M,C3/T?, (115)

where C3 = C3.
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Using inequalities established above in Theorem 12, we obtain

M,CiB ~ MyCyB?  MyCs (524 +5)

[Bh () — Bh ()] < 20 + 202 S
On the other hand,
[Bg (X) —Eg(Y)| = [Eg(X(z)) —Eg(X(y)) +Eg (X(y)) — Eg (Y)|
= [Eh(z) — Eh(y) + Eg (X(y)) — Eg (Y)|
< [Bh(z) —Eh(y)| + [Bg (X(y)) — Eg (Y)|.

Note that X(y) and Y are normally distributed vectors with zero means but different covariance

matrices, which we denote X, and Xy, respectively. By definition,
Yy = 27Tf]‘ (0) Ir

Define npyq_;,i=1,2,...as y; for i = 1,...,27T, and as i.i.d. N(0,1) random variables independent
from yy, ..., yor for ¢ > 27". Then,

T+s—1
Xt(y) = Zs 1 Z jkyk+T—s+lvts
T+s 1
- Zs 1 Z Jknsfkrvts
T oo
= Zs:l Zk:O ejknsszvts - Zs:l Zk=T+s ij;’l’]sfk’(}ts
T oo
= Xt(n) - ZSZI Zk:T+s ij-'r]s_kvts
o] T
= Xi(n) — ZT:T N_r Zs:l 0 745Vts

By Lemma 9,
B (X, (1) Xt (1) = 270 f; (@i, /2) Styt| < CB2/T.

Further,

(I e o trotn) = 2 (T S e
2

B2 B
= ZTTZSIJT+3_Z m<?’
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and

U,
( 7_ T77 ZS 1 j7'+8 tzs>
T
= E s1=1 E 7_17_8177 T1 J71+81vt181 E 2:T77—7-2 E so=1 9]‘,7’2+527)t252

2

S S S <7
= ; v i v, —.
=T s1=1 J,7+s1 Vt1s1 so=1 7,T+s2Vtasg T

This yields
|E (Xt1 (y)th (y)) - 27rfj (wtl /2) 6t1t2| < CN'/T

for some constant C' that depends on B. This and inequality (95), yield
B (Xey ()X () = 27f5 (0) 810, < C/T (116)

for any positive integers t1,ts < R, where C depends on B and R.
Further,
19 (X(y) —g(Y)] < My [|X(y) - Y.

Therefore,

B (X(y)) By (Y)] < MyB|X(y) - Y|

2\ 1/2
< M, (BIX@) - YIP)

A

On the other hand, we may assume that y and Y are independent, and thus
E|X(y) - Y| = r (S, - Sy) < RCO/T,

where the last inequality follows from (116). Hence, finally,

M,C1B  M,C>B?

M,Cs (54 +5)  M,RY?C'/?
271/2 T1/2

This yields the statement of Lemma 10.
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4 The “number of factors”

4.1 Proof of Proposition OW5

Let us denote V (k) + k62p; (N, T) as IPC; (k). For positive integers k, IPC;(k) > IPCj(k — 1) if
and only if \; /T < [72]3]- (N, T). The latter inequality is equivalent to

max

S/t < <1 _ ijl 5/ tr z) p; (N, T). (117)

On the other hand, by Theorem OW1 (iii), for any fixed positive integer k, Xk/tri LA 6/ (k7r)2.
Since p; (N,T) — oo as N,T — oo for j = 1,2,3, inequality (117) is satisfied with probability
arbitrarily close to one for all sufficiently large N, T This yields statement (i) of Proposition OW5.

To establish part (ii), we need the following lemma.

Lemma 13 Under assumptions of Proposition OWS5, for kmax = [YONT]|, we have

. TtrQ) (T+N)N2Q5NT
2 5
0" =0p <N5NT+ NT ‘

Proof: We rely on lilotations and definitions from the proof of Theorem OWT1 in Section 2.1. Let
V(k)=tr¥/T — Zj:l \;/T. Then,

~ T-1

TV (kmax) =

3 T-1 / - T-1 1 2.1
A < E WKW, = Z —oiv.eWev,.
r=Kmax+1

r=Kkmax-+1 r=FKmax+1 N T

T-1
Denote Z _— 02 as sp_. .. Then Corollary 3 and the fact that tr W = tr Q yield
T=Rmax

:
T-1
Z o2l eWev, = sp,. trQ + op(sp,. trQ).

max
r=Kmax+1

Since o, = (2sin (7r/(27))) ' < T/ (2r) for r =1,...,T — 1, we have

S € D00 T2 (%) < T2 (4hinas)

and therefore,

~ TtrQ TtrQ
max) S ——— . 11
V (kmax) N + op <Nkma.x> (118)

Next, similarly to (26), we have the following inequality

(TV (kmax)) /2 — (TV(kmax))l/Q' < ||[¥* (L) eM || min {1, \/m} .
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Hence,
- 2
62 = V(kmax) < 2V (kmax) + = 1" (L) eM||* min {1, T/N}.

This inequality together with (25) and (118) yield the statement of the lemma. [
< ~1
By Theorem OWT1 (ii), for any fixed £k, ()\k/T> = Op (N/(T'tr2)). Therefore, by Lemma

. -1
13, ()\k/T> 62 = Op (mpy7) and

(S\k/T>7l 5%p; (N, T) = Op (myrp; (N,T)) 2 0.

Hence, for any fixed k, \; /T > &ij (N, T) with probability arbitrarily close to one for all sufficiently
large N,T'. This implies that IPC;(k) < IPCj(k — 1) with probability arbitrarily close to one for
all sufficiently large N, T, and thus, /2:]- P .

5 Problem detection

5.1 Proof of Lemma OW6

Recall that R, = tr P, pr. Below, we obtain the required expansion of R,, by first, expanding
P, and Pf, and then combining these results. In the next two subsections we use the perturbation

theory (e.g. Kato (1980)) to obtain expansions for P, z and P;.

5.1.1 Perturbation analysis in levels

Consider the following identity
X'X = FN'AF' + ¢’ Mye,

where F = F+¢/A (A/A)_1 . Let A = diag {1, ..., A\r } be the diagonal matrix of the r largest eigen-
values of matrix FA’AF'/ (NT?) and let F be the (T + 1) x r matrix of corresponding normalized

eigenvectors. We have
X'X/ (NT?) = FAF' + € Me/ (NT?), (119)

or equivalently,
® = @9+ 1/ (OnrT), (120)

where ® = X'X/ (NT?), & = FAN'AF'/ (NT?) = FAF', and ®1 = §yre’Mpe/ (NT).

Note that /NT?2 [|®g[ equals ||AF’ + Ppel|| . By assumptions B1, B2, and B3, the latter norm
is Op (\/W) . Hence, ||®¢]| = Op (1). Further by B3, ||®1|| = Op (1) and therefore, ® can be
interpreted as a small perturbation of ®g, and the perturbation theory can be used to link the
eigenstructure of ® to that of ®y. Specifically, (see Kato’s (1980, p. 75-77) formulae (2.3) and
(2.14))

_po N pO)
PF_PF+mZi:1 P+ e, (121)
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where ||e|]| = Op (5]_\,2TT_2) and
PY = —P®,S; — 5,0, P,

7

with P; being the projection on the i-th column of F', and S; being the so-called reduced resolvent

of & evaluated at \;. Precisely,

r 1 1
S; = — P, — —Mj.
’ ijl#z‘ PYIEDVEE D Vi

Remark 14 We assume that the eigenvalues A1, ..., A\ are distinct. If they are not and only r1 <r
of the eigenvalues are distinct, the sum in the representation (121) should run only up to i = rq
with P; denoting the so-called total eigenprojection on the space spanned by all the eigenvectors
corresponding to the i-th distinct eigenvalue among A1, ..., \r. The analysis below should then be

changed in a relatively straightforward manner, without affecting the final result.

Multiplying both sides of (121) by F yields

~ ~, — _ 1 r r 1 _ _
/ _ _ — [P el . o
1
g T

r 1 _ _
Zz’:l )\—iMpfblFiei +€F,

where e; is the i-th column of I, matrix and Fj is the j-th column of F. Further, multiplying both
sides of (122) by A from the left yields

AF (F'F) — AF +a,

where
o = _5NTT Zi:l ijl,j#Z )\j . )\z [ 11 jej + ¥l 1ez~] )
1 r 1 _ _
+5NTT Zi:l )\—iAMF@1F¢ei + AeF.
Therefore,

Pyp=(AF + o) (FIA'AF + F'Aa+ d AF + o/oz)_l (AF + oz),.
It will be convenient to write this equation in the following form

Prp = Pap +01+ 02, (124)
where
51 = a(F'AAF) A + AF (F'AAF) o (125)
—Pppa (FINAF) PN — AF (F'AAF) o/ Pap,
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and

82 = a(F'ANAF+ F'Na+dAF +da) o
+aAF'A' + AFAd + AFBF'A

with
A = (FIANAF+FANa+dAF+d'a) — (FAAF)

B = A+ (F'ANAF) ™ (F'Aa+dAF) (F'AAF) .

and

5.1.2 Perturbation analysis in differences

Multiplying both sides of (120) by T'A from the left and by A’ from the right yields
Q= Qo+ /onT,

where Q@ = AX'XA'/(TN), Qo = AFANAF'A'/(TN) and Q; = dypAe’ MpeA'/ (TN). By BI,
B2 and B3, ||| = Op(1) and ||21]|| = Op(1), so that Q can be viewed as a small perturbation of
Qo.

Let f and f be the T' x r matrices of the normalized r principal eigenvectors of Q and €,
respectively. We will denote the corresponding eigenvalues as fiy, ..., i, and iy, ..., it,., respectively.
Then, a higher order perturbation analysis than that used in (121) yields (see Kato’s (1980, p.
75-77))

Pr=Pr+oye > R4 53 R 49, (126)

where He(d)H = Op ((5]_\,3T) ,

R
R

b= —RiNQ; — Qi1 R;, and
2 = RQinQi + QiU R Qi + QiU QiU R;
~RUM RN Q7 — RO1QIUR; — QFU R R;

(
(

with R; being the projection on the i-th column of f and

r 1 1
= Ry — —Mj.
< Z#iuj—m T

It follows from equations (126) and (124) that

tr [PAﬁ‘Pf} =01 +092+ 03,
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where

o1 = tr{AF(vaLéX,TZ RO 4553 R )}
o9 = tr [5 (Pf+5 f_lel)ﬂ,

o3 = tr[ AFed)}thr [5151—\/TZ R }

tr

o [0 (P4 ok > BV 4023 R

The remaining part of the proof consists of an asymptotic analysis of elements o1, o9, and o3.

5.1.3 Analysis of 03

Note that AF and f span the same subspaces. Therefore, Py 7 = Py and tr PAp Py = tr Pap = 1.
Further, by definition of RV

tr [PAFR@)} = —tr [Py pRiQs] — tr [Py pQi Ri]

N _Z#% i — 1

Therefore, Z;l tr [PA pREl)] equals

_Z LJUFET iy —

which is a sum of all elements of an anti-symmetric matrix. Hence,

P [PAFRS)} —0.

tl" [Riﬁle] + tr [RleRi]) .

tI‘ [Riﬂle] + tr [RleRi]) ,

Z

Next,

PaﬁREZ) = PrpRMIQiNQi + PApQiU R Q;
+Ppp Qi QiU R; — PpAp R R Q?
—PrpRi1QIQ R — PApQi01 R R;.

Since Pxp = Pr, we have PypMjy = 0. Therefore, as trace is invariant with respect to the inter-

change of the order in a product of two matrices, we have for the first term on the right hand
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side

tr [PapRiC1 Qi1 Q)

1 1
= § T oy . tr [RiglRpgle]
JpgFe and pFE Ly — [y [y, — [

T 1 1
=D . [Rin M R;] ;

for the second term

tr [PapQiU Ri 1 Q]

1 1
= E r » . tr (R RS Ry ;
JprjFt and p#i Loy — i [y, — [

for the third term

tr [Pa Qi1 Qi R

1 1
= ZT o ) tr [RleRpglRi]
gy and pFEL Ly — [y [y, — [

r 1 1
- ij#z’ 1 — i tr [Ry QUM Ri] .

To similarly expand the rest of the terms, note that
r 1 1
Qz2 = Z . —QR]' + _QMf
I (g — 1) Hi
Therefore, for the fourth term
r 1

) tr [RiglRigle] N

—tr [PAFRiQIRiﬁleZ] == Zj;j;éz’ (M L )
S o)

for the fifth term

—tr [PApRi1 Q7R

.
= =D

and for the final, sixth, term

1 1
— tr [RigleglRi] - — tr [RZ'QleﬁlRi] ;
(15 = i 1

r 1
— tr [RjgleglRi] .

—tr [PAp QiU R R] = _Zj;j;éi (1 — 1)
7 M
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Combining (127) and (132) yields

Z::l tr [PapRi1QiU Qi — PapQih R R;]

1 1
=S tr [RiQ Ry R
LIPIFFPFET [y — [ Hy — I

r 1
+ Zi,j:j;éi ——— tr [RiU Ry Rj — RjQ1 R Ry

(Mj - Mz’)
_ZT 1 ltr [R‘QlM*Q1R-]
BJFE g — Wy My t f J
r 1

- tr [R;O R, R
Zi,j,p:j;éi;ép;ﬁj 15— 1 oy — 1 [Ri 4 Ry R;]

T 1 1
B Zi,j:j;éi 1 — 1 tr [RiQ MpQ R .

Combining (128) and (131) yields

1 1
1,3,D:J AI£DF] By = [ fy — [

r 1
+Zi’jz#i (Mj—ui)z v R R, 1R Ri]

ro 1
=Y o b (R MRy
(3

1 1
LIPIFFPFT [y — [ fp — [

ro 1
> [RuM R

Combining (129) and (130) yields

Z::1 tr [PAF'QZQIQZQIRZ — PAF'R’LQIR’LQIQZQ]

1 1
LIPIFFPFET by — [ fp — I

r 1
+ Zz‘,j:jyéz’ m tr [Rj RjU Ry — RiQU Ry Ry

T 1 1

- — tr [RjQ MRy
BITA L —

T

1 1
= Zz‘,j,p:j#i?él)?fj Hj — i Py — I

T 1 1
a Zi,j:j;éi [ — b E tr [RleMfMRz-] .

tr [R; ) Ry Ry
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Summing up the results of the last three displays, we obtain

Z;l tr [PAFRZ@)]
r 1 1
- Z"j’p'#i#p# uj — Wi By — I tr [Rifh Rp( B
1
_ Z o T tr [RiQ1 M1 R;]

1 1
+ tr[R; 0 R, R
Zam'#z#p# [ — 1 1y — 4 r [R; R Ry

_Zi tI‘ RQleglR]

1 1
+ tr R Ry R;
Z',J,p'#i#p#j Hj — M Hp — i R R Ry

1,
_Zw#w; g T MR

The sum of the third and last lines of the latter display can be interpreted as a sum of all elements
T

of an anti-symmetric matrix. Hence, it equals zero, and the expression for g , 1tr [PAFRZ@)]
1=

simplifies as follows

Z;l tr [PAFREQ)]

1 1
= ZT L. . tr [Rz‘QlRpgle]
LIPIFFEDET g — [y [y — My

r 1 1
tr [R;QU R R
* Zl’J’pJ7él3’ép?é] ,LL‘7 — I /‘Lp — L I'[ gl 1 p]
1 1
+> tr [R; 1 Ry Ry

Renaming indices in the second and the third sums on the right hand side using rules (i, j,p) —
(p,i,7) and (¢, 7,p) — (4,1, p) , respectively, we represent the sum of the first three sums as a single
sum over 4, j,p s.t. j # i # p # j of tr [R;Q1 Ry R;] multiplied by

1 1 1 1 1 1
+ +
R N T el T e Y Al R e T e
(11 — 1) — (pj — ) + (1t — i)
(1 = 11a) (rp = 113) (11 = )

= 0.

Hence, finally,

Z::1 tr [PAFREQ)} _ _ Z:Zl %tr [RinMfﬁlRi] ,
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and overall,
ro 1
o1 =1r— 5]_\/2T i F tr [RiﬁleQ;[Rl] .
i

Finally, note that Z::1 ,LLZQRi = (Qar)z, where Qg is the Moore-Penrose pseudoinverse of
Qo = AFAN'AF'A'/(NT) . Further, the space spanned by the columns of f is the same as that

spanned by the columns of AF. Therefore, we have
_ _ 2
o1 =7 —yptr [ My Q)] =7 — Iy ’Q(—)'_QlMAFHF’
where ||-||» denotes the Frobenius norm.

5.1.4 Analysis of o9

By definition (125) of 41,

tr [01P7] = tr [a (FA'AF) ™ F'A'PY] + o [AF (F'A'AF) ™ o/ Py

1

—tr [Papa (F'A'AF) ™ FAPE| — tr [AF (F'A'AF) ™ o/ Py Py =0,

where for the last equality we used the fact that Py = Py and that trace is invariant with respect
to the interchange of the order in a product of two matrices.

Further, using the same fact and the definition of ();, we obtain after some algebra

tr [61R§1)}

r 1 [ AL A T L AL
S e (F'A'AF) ™ F'A (R4 R, + RO R))|

Sy [AF (FAAF) o (R R + ROuR,)|
J:I7 L
T

Hj = 1y

1 (b AT A T L A
T Zj;j?éi [ — I tr _PAFa (F A AF) F'A (RZQIR] + R_]Q].Rz):|

" 1 [ n A/ 1 / — . . . .
D o (F'A'AF) ™ o/ Pap (RiWR; + RO R,)|

+= e [a (FAAF) ™ PANRQM,] + — tr [AF (FAAF)™

O/M]?Ql Rz} .
25 K

Summing the first four sums on the right hand side over ¢ going from 1 to 7, we obtain zero because

the result can be interpreted as a sum of all elements of an anti-symmetric matrix. Therefore,

S = 5, B rany amay]
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By definition (123) of «, and since AFMJ; =0, we have

= 6NTT EJ oy MfA<D1FJej + M7A€F.

This yields

1 Er_ tr [51R(1)}

5NT
N _
_ TT S 1ZJ M—M—t (P AR) T P A R My AR Fie
+5L > X %tr [(F’A’AF)‘ F’A/RigleAeF} .
NT “i=1

Now recall that Aq, ..., A\, are the principal eigenvalues of FA’AF’ / (N T 2). Therefore, their
square roots are the principal singular values of (AF’ + Ppe) / <\/N T) . In particular, )\71“/ % must

be no smaller than the r-th largest singular value of AF’/ (\/NT) minus HPAG/ (\/NT)H =

Op (1/v/8n7T) . On the other hand, the r-th largest singular value of AF’/ (\/N T) equals the
square root from the smallest eigenvalue of (F'F/T?)(A’A/N). By B1-B2, such smallest eigen-

value must be bounded away from zero in probability. Therefore, A,' = Op (1) and hence,
St =0p(1) forj <r. (133)

Further, jq, ..., 1, are the principal eigenvalues of Qy = A (AF’ + Pye)' (AF' + Ppe) A’/ (TN).
By arguments similar to those just used, u ! is of the same order as the inverse of the smallest
eigenvalue of F'A’AFA'A/(TN). Therefore, by Bl and B2, ! = Op (1) and hence,

S =0p(1) for j <r. (134)

Next, the identity
(AF' + Ppe) (AF' + Pye)

S — FAF

yields the following representation
(F+eaa)™) (a2 (TVN) = P2,

where V is a r-dimensional orthonormal matrix. Therefore,

/ 1/2
F= % (F +e'A (A'A)‘1> <ANA) VAT (135)
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and

- 1 / 1Ay —1 A'A 1/2 1y—1/2
AF = 2 (AF + AdA (N'A) )<N VA2,
It follows that

|aF] = op (||aF +aea (3a) || /7).,
and hence, by B1-B3,
|AF|| = Op (T71/2) and ||(FA'AF) ™| = op (1), (136)
Using (134) and (136), and recalling that ||e|| = Op (05517 2) , we obtain
ﬁ > M%tr (F'AAF) ' A RMACF | = Op (6337712)
Therefore,

e DG o)

5NT

= T Zz 0 Z] 1 )\_/L_ tr [ F/A,Ap)il F’A/RigleAq)1Fj€9
T J M

+0p (03571

Let us now analyze the trace on the right hand side of the above equation. The absolute value

of that trace equals

¢; (F'A'AF) ™ /A RO MyA®LF|
¢ (F'ANAF) T F'A'f| | fin MpA®, F| (137)

p (TY2) | Fiu MpA® |
Since My = I, — ff', we have

[FIUMFARFS| < |fin AR Fy| + || i f|[| £ AR B
< || FUARE| + [ || fADF| .

We point out that f can be thought of as the matrix of left singular vectors of

/ 1/2
T2A (F4+ A (AN <A A) :

N

and p!/2 can be thought of as the diagional matrix of the corresponding singular values. Hence,
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there exists an orthogonal matrix W such that
FulPw =TV2AF (AA/N)Y2,
where F' = F +¢/A (AA)", and therefore,
f=T"V2AF (NA/N)P w12,

Using this together with (135), we obtain

|Fuae | < 172

where we used B2, (133), and (134).
Further,

posman ][5 o

F’A’Q1A<1>1FH Op (T—3/2) ,

F’AlglAq)lp“ < HF,A/QIA‘DlFH + ‘

FIA'Q A0 A (VD)7

+]|(va) T weaoi a0 P

Since H (NA) "t Ae

2 ~ 112
= Op (T/5n7), | F|)* = Op (T2) = HFH and [|A’QA®y|| = Op (1), we have

|

PN A®F| < ||[FAQAS P +Op (53 T%?)

" |7 AP < | FAARF| Op (T72) + 0p (33:7).
Similarly,
|FaeF| < |[Faae | op (1742
< |FaaeF|op (T792) + 0p (537).
Therefore,

FiuMAGE| < |[FAQAD F||Op (T732)
+[|FA'A® P Op (T792) + Op (5347)
The lemma below implies that ||F'A'Q AP F|| = Op (T) and ||[F'A’A®,F|| = Op (T) . Hence,

|FiouMpA® | = 0p (6,47), (138)
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and, by (137),

) (F'NAF) ™ F'A RO MpA® F| = Op ((T/on1)"?).

Therefore, overall,

o7 o [ = 00 (s3°r7)

and
o2 = Op (033°T712).

as well.

Lemma 15 Let Fyyy = Fy + fii1 be an r-dimensional process with B||Fo|* < oo and f; =
ZZO I,1;_,, where 0y = (N5, Nps) are such that ;g are i.i.d., Bn;y = 0, En?, = 1, En?, < oo,
and ZZO(1+7’) ITL.| < oo. Denote (Fy,Fi,...,Fr) as F and (fi1,..., fr) as f. Let A be a
T x (T + 1) matriz with elements Ay; = —1,A; ;11 = 1, and all other elements zero. Finally, let A
be a random (T + 1) x (T' + 1) matriz, independent from F and such that ||Al| = Op(1) as T — oo.
Then

|7/ AAF| = O (T).

Proof: Let U be a (T + 1) x T' matrix with elements U;; = 1 if ¢ > j and all the other elements
zero. Denote a (T + 1)-vector of ones as I. We have F' = [F + U f, and

['AAF = fIAAIF] + f'AAU f.
For the first term, we have
[FAALEG || < I AL AL ol -

Since ||l]| = VT + 1, ||f|| = Op <\/T> Al =0p (1), |All =0 (1), and ||Fp|| = Op (1), the above
inequality yields
|7/ AALE|| = Op (T).
Hence, it remains to show that ||f'AAUf|| = Op (T).
T
Let g; = Zr:ﬂ 0,0, Rt = ft — g1, and g = (g1, ..., 97) , R = (Ry, ..., Rr) . We have

INA

| AAUS| |g'AAUg|| + ||g' AAUR|| + || R AAUg|| + || R AAUR|| (139)

lgAAUg|| + [ AA] (gl IUR] + IR IUgll + | RINUR]) -

AN

Note that

o o0
E|R|* <E|R|p=trE(RR)=T)  —  Ilp<Tr)  — Il
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On the other hand, ||TI|| < ¢/ (1 + k), where ¢ = Zk:o (1 + k) ||TI|| , and ZHH A/ (1+k)? <
2/ (T + 1) . Therefore, E||R||? < ¢ and, as a consequence,

|R]| = Op (1). (140)
Further,
E|UR* < E|UR|%
T
— ijlE(RlJr..+Rj)’(R1+..+Rj)
T
=§; VERR, +2(j — 1) ER{Ry_1 + ... + 2ER| Ry ]
< TQZ IBR,R;_,]|.
But
ERRii| = \Zk D ) [ < S el [Tl
= 2+T k=T+1 Mkl -
Therefore,

E|UR|*

IN

o0 o
C?“TZZ Ozk oy Wil p < er®T (|Tp || + 2 [[Tryall + )

< C7“2TZ (1+ k) ||| < r?T.

AN

This yields

IUR| = Op (ﬁ) . (141)

Using (140) and (141) in (139), and noting that [|AA|| = Op (1), ||g]| = Op (ﬁ) , and |Ug| =
Op (T), we obtain
|fAAUF|| < ||g AAUg|| + Op (T)).

Hence, it remains to show that ||/ AAUg| = Op (T) .
Let g.; be the j-th column of g. Represent g.; in the form ﬁjn, where f[j is a T x 27T'r matrix

HTJ'. HlJ' HOJ.
HTJ'. Hl,j- HO,j~

HT’J’. Hl,j~ H()’j.
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where II; ;. is the j-th row of II,, and n’ = (n’l_T, vy ni[,) . With this notation, we have
gl AAU gy = 0TI, AAUTTL.
Let E4 denote the expectation conditional on A. We have
Ea (' T,AAUTn)* = Y7 |(M,AAUTL)?, + (T,AAUTL), (T,AAUTE) |

+Y (MLAAUTL);, (Enf — 3)
+> ., (MLAAUTL) (T, AAUTE,)

Ji’
Since
(T,AAUTL),; (T,AAUTL) < ((T,AAUTL), + (T,AAUTE)?, ) /2,and
> (MAAUTL)Y = [ AAUTLG
we have
Ea (n'TLAAUTLn)? < (Brf +2) ||[TLAAUTL||% + (tr LA AUTE)®. (142)

For the first term on the right hand side, we have
T, AAUTE 7 < [T T AN AN T3

On the other hand, . .
— T
Il <> 3 Ml <730 I < e

Similarly, ||II,|| < rc. Furthermore, |U||% = (T 4 1) T/2. This yields
(Bt + 2) ||, AAUTL || % < T2 (Bt + 2) vt | A (| Al (143)
Let us consider tr [T, AAUTI,. We have
tr I, AAUTI, = tr AUTLII, A = tr (AUTA),

where Ty; =Ty j = ) T
ij = ti—=j = =0 6,04 |i—j e

Let us decompose matrix UTA as
ora=S"" T,UD.A 144
o ZkzlfT k k= (144)

where Dy is a matrix with elements (Dk?)ij =1if i —j = k and zero elements otherwise. A direct
calculation reveals that

UDpA = Dy, — lkell\/(l—k:) + lT+1+k€/T+17
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where [} is a (T + 1)-vector with (l;), = 0 for ¢ < k and (l;);, = 1 for i > k, e; is the j-th column of
Iri1, and 1V (1 — k) denotes max{1,1 — k}. Of course, for k < 0, I}, is just a (T + 1)-vector with
all elements equal one, and for k > 0, I 14 is just a zero vector.

Decomposition (144) yields

tr(AUTA) =5

Fk [tr (ADk-) — e&v(lik)Alk + elT_;'_lAlT+]_+ki|
so that
r=1 / /
tr (AUTA) <37 7 T [t (AD)] + [ehyiy Ale| + | Alria e ]
On the other hand,

|tr (ADy)| (T+ D |ADg] < (T + 1) [| Al
Al < VTHT)Al, and
lerAlryy| < VT +1|A].

IN

N

Therefore,
T-1

k=1—T IVE

|tr (AUTA)[ < 3(T+ 1) |4] )

Recall that ¢ = Z:o_o (1 + k) ||Ig||, and note that

T-1 T—1 Tl Tk
Zkzl_T T 2Zk:0 ITx| < 2Zk:0 tho (Tl || )
T—-1 T
= QZk:o Zt:O<HHtHFHHt+kHF)
T—1 T
< 22Y N () [T < 2022

IN

Therefore,

T-1
< 9722
Zk:l—T Tk | < 2r°c”,

and thus,
|tr [T, AAUTL,| = [tr (AUTA)| < 6r%¢* (T'+ 1) || A

Using this and (143) in (142), yields
E4 (T, AAUTL)® < (T + 1) Br || A,

where
Br = (Eng1 + 2) At ||A|? + 36¢*t < B

74



for some finite B for all T. Therefore, we have
(T, AAUTLyn)® = Op (T?). (145)

But

_ _ 1/2
HjAAUﬂ]gHjAAUﬂM;:(EZZ_1@TQAAUHWV> .

Therefore,
g AAUg|| = Op (T).

This concludes the proof of the lemma. [

Remark 16 It is easy to show that under the assumptions of the lemma, ||f'AF|| = Op (T'InT).
For this, the above proof goes through with A omitted up to the point where we need to find a bound
on [tr (AUT)|. Note that tr (AUT) = tr (TAU) =V (FA)(U)Z with | equal the vector of ones and
(I’A)(U) being the upper triangular part of T A. Hence,

ltr (AUT)| < (T + 1) H(FA)(U)H .

Mathias (1993) shows that HM(U)H < O(n(T+1))||M| for any (T +1) x (T'+ 1) matriz M.
Hence,
[tr (AUT)| < O(T'InT) || TA]|l,

and the rest of the proof proceeds as above.

5.1.5 Analysis of o3

By definition,
oo =] iy S 7] e o )]
Since ||| = Op (653-) , we have
tr [ Pype®] = O (353 -
Next, recall that

51 = a(F'A'AF) A + AF (F'AAF) o
—Pppa (FINAF) A — AF (F/AAF) ™ o/ Pap.

mumm:oMTNQW@uum*Wﬂh@%mMMFOM%wHyﬂmmm
16111 = Op (s34T12)
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Since H‘SJ_V?F 22:1 RZ@)

‘ = Op ((51—\%) , we have
tr 01073 > R = 0 (535777)
Further, recall that

5 = a((AF+a) (AF+a)) o
+aAF'A' + AFAd + AFBF'A’

with

4 = ((AF+a) (AF +a))  — (FA'AF)™ and

B = A+ (F'ANAF) ™ (F'Aa+ o AF) (F/AAF) .

We have .
H ((AF+0) (AF +0)) H — Op (D)
and hence,
o ((AF+a) (AF +a)) | =Op (535T7).

Further,

4 = ((AFta) (AF+a))  (FAAF — (AF +0) (AF +a)) (FAAF)

= —((AF+a) (AF +a)) (AF + F'Aa+da) (FAAF)”
so that ||A|| = Op (T1/25N1T) and
|¢cAF' A"+ AF A || = Op (63577
Finally, we can represent A as

A= (A+ (PAAF) ) (~a/AF - F'aa — /) (F'A/AF) ™
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so that, by definition,
B = (A+(FANAF)") (-a/AF - F'Aa — d'a) (F'A'AF) ™
+ (FA'AF) " (F'Na+ o/ AF) (F/A'AF)
= A(-d/AF - FNa—da) (FAAF)™
— (F'A'AF) oo (FIAAF)

Since 141 = Op (T'2a3), |(FAAR)T| = 0p(D), AR = Op (1), and
le|| = Op (63T ~1), we have
IB|l = Op (632) -

Therefore,
IAFBF'A|| = O (657T7)

and overall,
52 =Op (657 71).

Since HPf — €@ H = Op(1), this implies that
tr [52 (Pf — e(d)ﬂ = Op (6]}2TT_1) .

Thus,

o3 = Op (6x7) -
Combining the above results for o1, 02, and o3, we conclude that

R, = tr [PAFPf} =1 — 635 | UMy 5[5+ Op (95%) -

5.2 Proof of Lemma OW7

We will use perturbation analysis to study the asymptotic behavior of S,. Let
) (%) = (I)O —+ %q)l,

where ®g = FAF’ and ®; = 7€/ Mpe/ (NT), as in (120), and s is a complex-valued variable. Let
R (z,3) = (® (3) — zI7) " be the resolvent of ®(3). Finally, let R(z) = R(z,0) be the resolvent of
Dy.

Kato (1980, p.67) shows that

R(z,%) = R(2) Z:O:O (= (@ () = @) R(2))", (146)
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where the series on the right hand side converges for
1(® (>) — o) R(2) < 1,

which is satisfied for any z, where R (z) is defined, for sufficiently small »z. The series also can be
written as

R(z,x) = R(2) + Z:;l "R (z), (147)

where
R™ (z) = Znﬁ.“mp:nml(—nm(z) D, R(2) Py R(2)... 0, R(2). (148)

Note that F is the matrix of the r principal eigenvectors of ® (5;\,1[,T_1) and F is the matrix of
the r principal eigenvectors of ®g. As explained in Kato (1980, p.68), the projections P and Pp

on the spaces spanned by the columns of F' and F, respectively, equal

- 1
Pp = FF'=-— R (2,07 1) dz and (149)
T
_ 1
Pr = FF =-—— d 1
F 277’1, I‘R(Z) Z’ (50)

where I' is a contour in the complex plane that encircles counterclockwise the r of the largest

eigenvalues of ® (51_\,%T_1) and @y (but not the rest of the eigenvalues of these matrices). Similarly,

PSP 1

FAP' = —— ZR (z, 5N1TT_1) dz and (151)
2w J r
_ - 1
/ — [
FAF' = o P zR (z) dz. (152)

Equations (151-152) and (147) lead to the representation (compare to Kato’s (1980) formulae
(2.3) and (2.14) on pp. 75-77)

PR By 1 o), -
’r /
PAF! = FAF' + +— > B rE (153)
where
PV = —\iP®18; — NiSi®1 P, + Py P,
. . . . . — _ T 1 1 B .
with P; being the projection on the i-th column of F' and S; = ijl,j# WPJ - Mp being

the reduced resolvent of ®¢ evaluated at A;. Furthermore,

= —% Z;; (— 5N1TT>p fr 2R(z) (®1R(2))" dz,

which yields [[¢|| = Op (51}21177_2) .
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We have
Z;l Ai (P®15; + Si®1P)
, P
- Sloen (S50 -5
+> 0 (Y 5 Ly
i=1"" i )\j_)\z' i F !

,
- - Zizl E#i Pi®Pj — Pp®1Mp — Mp®, Py

T
= —Pp® Py — Pp® My — Mp®, Pp + Zizl P, P;

= —Pp®i - Mp®iPp+ Y POP

Therefore, ZT ) 151-(1) = Pp®; + M7®, P, and from (153),
1=

FAF' = FAF’+6NTT (Pp®y + Mp® Pp) + ¢

= FMNF' + ((I)l—MFCI)lMF)—FE.

5NTT

This yields

AFAF'A ~ ARAF'A' = = ! = (@1~ Mp® Mp) A 4, (154)

NT
where [|¢]| = Op (5]_\,2TT*2) .
Note that

|A(®1 — Mp®1Mp) A|| < [[APF®1A]|| + || A PrA|| + ||AP® PRA|| .
But (see (136))
|APE| = [|AFF|| < | AF[||F|| = Op (T7/2).

Therefore,
A (@1 — Mp@1Mp) || = O (T712)),

and
HAFXF’A’ — AFAF'A

— Op (51_\,1TT’3/2> . (155)

Let u; and f; be the i-th largest eigenvalue and the corresponding normalized eigenvector of
TAFNF'A', and let fi; and f; be the i-th largest eigenvalue and the corresponding eigenvector of
TAFAE'A’. 2 Equation (155) implies that

max
i<r

Py — PﬁH — Op (51_\,1TT’1/2> ,

2We assume that p,, ..., i, are distinct. If they are not, the analysis below needs some relatively straightforward
modification, but the results do not change (see Remark 14).
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so that

" —1 p—1/2
M7= Myp]| = sz‘:l (Pfi B Pfi)” =Op <6NTT / ) ' (156)
Furthermore,
0l =0p (sL Y2
max ’Mz Mz| P\O9NT 5
i<r
and thus,
T 1 1
, —P; ——P; ||| =0p (571 T_1/2> )
sz_l <Mz’ Ty f’> H NT
But ' ,
S <—Pf. - ~—Pf) =af - 0.
=L\ Tty
Therefore,

|2 = g || = or (s357712). (157)

Equations (156) and (157) yield
o unty — 50| = |0 0017 — O ]|+ Op (535772)
so that
o ounsyl; — 05 a0ty = 05 unsy f ~ o unsy| |+ (s5477) . (159
Next, the definitions of €27 and Ql yield
AFAQ; — Oy = 6ngT (F’A’ - AFAF’A’) . (159)
This identity and equation (155) imply that
o~ u] = 0 (7727).
Therefore,

e~ o tunry |

tr QF U M0 QF — tr QF O M Qf
= 2607 (0 - ) Mpu
—tr Qg (Ql — Ql) M]F (Ql — Ql) Qar
= 2007 (- ) MU +Op (T7).
Further, by definition of Q

g (- ) Mg = %f{ (91— ) M £,
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and, from (154) and (159),
Q1 — O = APp®A' + A® PRA' — APr® 1 PrA' + SnrTe.
Since PrA'MF = 0 and since [|[dn7T€| = Op (57T 1Y), we have
o (- 0) Mg = > % FIAPR® A M f; + Op (55517
-3 % FIAFF'® N M i+ Op (035T7Y) . (160)
Finally, recall equation (138):

{EQIM]?A@HFH = Op (6]};/2) .
This implies that

|F'® A M fi|| = Op (5];1/2) :
Further, similarly to (138), we have

AR/ = 0w (572).
Using the latter two displays in (160), we obtain
tr Qg (1 = Q1) Mpu 9 = O (67)

and thus,
2

o unay — |0 sz, = Or (635) O
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